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ABSTRACT 


By analogy with the mathematical definition of degenerate systems, it is 
suggested that systems which are interrupted before they have traversed a full 
period, or which are in an external field which varies greatly in the time of one 
period, be called physically degenerate. It is further suggested, in harmony 
with the ideas of Ehrenfest and Tolman, that such systems show weak quan- 
tization, the quantization becoming less and less complete as the degeneracy 
increases. In the case of partially degenerate systems, the values of the related 
action variable and of the energy are grouped more or less closely about the 
mean values which they would all have if the systems were completely quan- 
tized. As examples, these ideas are applied to several problems, such as 
quantization in a small or rapidly changing magnetic field (including Glaser’s 
results for the change of diamagnetic susceptibility of some gases with pressure, 
experiments by Breit and Ellett and by Wood and Ellett on depolarization, and 
the experiment of Gerlach and Stern in which atoms are projected into a strong 
field), absorption in the higher lines of the principal series of an alkali (includ- 
ing a discussion of quantization in hyperbolic and parabolic orbits), and the con- 
tinuous x-ray spectrum. It is then pointed out that this assumption demands 
the existence of quantum forces which have not been previously considered in 
quantum theory and whose action is to stabilize the stationary states, bringing 
the action variables and energy rapidly nearer and nearer to the proper values 
as time goes on. The suggestion is made that these forces are responsible for the 
large change of energy and action variables during a quantum transition. 
From this point of view the adiabatic theorem appears in a simple light; when 
the external parameters vary too rapidly, the quantization becomes poor, the 
quantum forces become strong and put the atom into a quantized state again. 
In any atom but hydrogen, quantum forces must be continuously acting to 
oppose the interchange of energy and momentum between electrons and to 
keep each electron quantized. These forces thus may prove to be important 
in the solution of problems of the quantum dynamics of the constitution 
of atoms, though they must be considered in connection with the dynamics of 
the oscillators. 


HE quantum theory can hardly continue to deal with periodic systems 
alone, and the natural approach to the study of non-periodic motion 
is through those systems which are nearly but not quite periodic. The 
quantum conditions as at present stated apply only to periodic mo- 
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tions; it is natural to suppose that nearly but not quite periodic 
systems are nearly but not quite quantized. One is thus led to the study 
of weak quantization. The most interesting contributions to this problem 
have been made by Ehrenfest! and his collaborators. In the present 
paper certain aspects of the problem are discussed from a somewhat 
different angle from that of Ehrenfest and Tolman, although the under- 
lying ideas are very similar, and, passing beyond their results, an attempt 
is made to draw certain conclusions regarding quantum dynamics. 


Part I 


Degenerate multiply periodic systems are ordinarily taken to be those 
in which one or more of the fundamental or combination frequencies are 
zero for all values of the momenta. In case the vanishing frequencies 
are combination tones, it is always possible by a change of co-ordinates 
to make them fundamentals, so that only this case need be considered. 
Intimately connected with the degeneracy is the failure of the ordinary 
quantum condition for the variable whose frequency vanishes. For the 
quantum condition involves an integral about a complete cycle, which 
is defined only by the motion of the system, and a degenerate co-ordinate, 
having zero frequency, does not traverse a cycle in any finite time. 
Thus, for example, an atom cannot be quantized in space unless it is in 
an external field, for otherwise the frequency of precession of the direction 
of the angular momentum, one of the fundamental frequencies, is zero, 
since no torque acts and the axis points in an invariable direction. 
Then we do not know what a complete cycle for this co-ordinate is; since 
the axis is fixed, the direction about which it would precess is undefined, 
and there is no unique way of applying a quantum condition to the 
orientation. Once there is an external field, however, and the axis does 
precess in a periodic manner, a cycle is defined and the conditions can be 
applied. 

This statement of the situation seems to imply a distinction between 
the case where the frequency is strictly zero, and the case where it has 
any value different from zero. Such a criterion is mathematical rather 
than physical. In physics one meets with distinctions according as 
dimensionless quantities are small or large compared with unity. By 
considering the problem of degeneracy in this light, it can be put in a 
much more comprehensible form. Instead of considering the mathemat- 
ical degeneracy of a variable when its frequency is zero, we shall introduce 
the idea that it is physically degenerate in proportion as the ratio of its 


' Ehrenfest and Breit, Zeits. f. Phys. 9, 207 (1922); Ehrenfest and Tolman, Phys. 
Rev. 24, 287 (1924). 


















PHYSICALLY DEGENERATE SYSTEMS 421 





frequency to some fixed quantity of the dimensions of a frequency is 
small compared with unity. 

It is easy to find a fixed quantity having the dimensions of frequency 
with which to compare the frequency itself. Degenerate systems are of 
interest principally for two reasons, their lack of quantization under 
ordinary conditions, and the failure of the quantum conditions to be 
preserved when the system is carried adiabatically through a degenerate 
case. We recall that the explanation of the failure of quantization was 
that the variable never traversed a cycle. It seems reasonable to say 
that a system is physically degenerate if its variable has had time to go 
through only a part of a cycle. The fraction of a cycle which has been 
passed through since any given instant is the product of the frequency 
and the length of time which has elapsed, or the ratio of the frequency 
to the reciprocal of that time. It is then very reasonable to define a 
physically degenerate system as one in which one of the frequencies is 
small compared with 1/7, where 7 is the length of time in which the 
motion has been going on. If the motion has been progressing since the 
atom entered its stationary state, then the average value of T is the 
average life in the state, or 1/7 is the probability of leaving the state in 
unit time, which has the dimensions of a frequency. 

Degenerate systems are of particular importance, also, in the applica- 
tion of the adiabatic theorem; for as an external parameter is varied 
slowly, the quantum conditions are continually satisfied, except in the 
very important case in which the system passes through a degenerate 
state. For the theorem to hold, the external parameter must vary so 
slowly that it remains approximately constant over one period; but if 
one of the fundamental frequencies becomes very small, a period of that 
frequency is very large, and if the external parameter changes at any 
reasonable rate it will change decidedly during one period, so that the 
conditions of the theorem are not met. Evidently, in this case, a definition 
of physical degeneracy is immediately provided: A system is physically 
degenerate if the external field changes so fast that the adiabatic theorem 
does not hold. This amounts to saying that the product of the relative 
change in the parameter per unit time, and the time of one period, is 

large; or that the ratio of the frequency to the relative change of the 
parameter per unit time is small. This is the same kind of condition we 
had before; but now T is the reciprocal of the relative change of the 
external parameter per unit time; that is, it is the time in which the 
parameter changes by an amount comparable with itself. If, for example, 
the parameter varies periodically, 1/T is a small constant times the 
frequency of variation. 
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Suppose that physical degeneracy be defined as just suggested, for 
the two cases of interrupted motion and of motion in a varying field. 
We then meet the problem of quantization. The conventional statement 
is that mathematically degenerate systems are not quantized ; undegener- 
ate ones are. This, again, is an unphysical sort of definition; and we 
amend it to say that the completeness of quantization approaches zero 
with the quantity v7, v being the frequency in question; that is, the 
quantization is less and less complete in proportion as the system is more 
and more degenerate physically. This statement covers both cases we 
have considered. We ask more closely as to the meaning of the complete- 
ness of quantization. When quantization of a particular co-ordinate is 
complete, all systems have one or another of a set of definite values for the 
phase integrals, or action variables, connected with that co-ordinate; 
when there is no quantization, the various systems have values of the 
related action variable which are spread in a uniform fashion over a large 
range of values. An intermediate state of quantization would be one in 
which, while all systems do not have precisely the same values of the 
action variables, still they are grouped more or less closely about the 
mean values. Thus it is to be supposed that, as v7 increases, the systems, 
having for v7 =0 all values of the action variable associated with the 
frequency v, have their values of action cluster closer and closer together 
until finally for y7 =infinity, all have precisely the same value. Now the 
energy of a system is a function of the action variables; so that, if, with 
incomplete quantization, there are systems with many values of the 
action variables, there are also systems with a variety of energies. Thus, 
as vT increases, the energies draw closer and closer together, if we leave 
out of account the effect which the incomplete quantization of other 
variables would have on the energy. This diffuseness of energy values 
results, if we apply Bohr’s frequency condition, in a diffuseness of the 
resulting spectral lines; and this may be connected with the diffuseness 
in the spectrum of the oscillators producing the radiation, on account of 
their finite time of oscillation. This connection will not, however, be 
discussed in the present paper. 

A number of examples will illustrate the many applications of these 
ideas to familiar problems of quantum theory. Perhaps the most complete 
example is the problem of quantization in a magnetic field. Let us first 
consider a static magnetic field. Then 7 represents the length of life of a 
stationary state, or 1/7 equals on the average the probability P of leaving 
the state. The frequency which may become degenerate is the frequency 
of precession; it is the Larmor frequency e///4xmc if the Zeeman effect 
is normal, or a small number times this if it is anomalous. This frequency 
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vanishes with H, the external magnetic field. The associated action 
variable is the component of the angular momentum in the direction of /7; 
and since the total angular momentum is independent of the field, this 
amounts to a constant times the cosine of the angle between the axis of 
the atom and H. Our statement is now that the strength of the quantiza- 
tion is measured, by’ (eH /4amc)/P, which equals*the*average number of 
cycles which the Larmor precession makes in the time of a stationary 
state. When, then, H is small, the quantization becomes poor. That is, 
the directions of the axes cease to be assigned to definite values, but are 
merely clustered about those values as most probable ones. In the limit, 
when H is zero, the emphasis on the “quantized”’ directions is completely 
lost, the distribution of directions being entirely at random; and the 
range of values of H in which the change occurs is that region where it is 
of the same magnitude as 4rmcP/e. If, then, we are to take a constant 
field and increase P, the probability of leaving the stationary state, the 
direction of orientation becomes less and less quantized until finally it is 
not quantized at all. An interesting experimental application of this 
result appears to be the discovery of Glaser? on the change of the dia- 
magnetic susceptibility of some gases with pressure. Glaser finds that 
the magnetic susceptibility of certain gases decreases from one definite 
value to another when the pressure is increased at constant magnetic 
field, the change coming in a rather sharply defined pressure range. 
This he interprets as a change from a quantized condition at lower 
pressures to a non-quantized one at higher pressures, the oriented 
molecules having a greater diamagnetic effect than those oriented at 
random. Now increasing the pressure increases the probability of 
collision, and it seems inevitable that a collision would disturb the 
periodicity of the precession, so that we can consider the time T to be 
the average time between collisions, and P the probability of collision. 
Then we see that increasing P should, in fact, decrease the completeness 
of quantization and hence the susceptibility. Further, the range of 
values of P in which the change should come for a given value of H, can 
be found from the formula above; and if we calculate by gas theory the 
pressures for which the probability of collision is of this order, we find 
closely the range of pressures actually determined experimentally by 
Glaser. It is also found by Glaser that the range of pressure, and hence 
P, increases with increasing magnetic field, as we should expect. 

We may also consider the case of the quantization in a variable mag- 
netic field. The simplest case is that of a periodically varying field. 
Here we shall expect the quantization to begin to fail, for constant H 


2 Glaser, Ann. der Phys. 75, 459 (1924). 
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and increasing frequency of the field, when the frequency of the field 
approaches that of the Larmor precession, for the frequency of the field 
is of the same order as the relative change of the field in unit time. This 
case appears to find an application in the recent experiment of Breit 
and Ellett® on the depolarization of resonance radiation by an oscillating 
magnetic field. Wood and Ellett‘ find that the depolarizing effect of a 
steady field increases as its Larmor precession becomes of the same order 
of magnitude as the probability of leaving the excited state, so that this 
effect is apparently connected with the strength of the quantization of 
the excited state. Breit and Ellett then take a field which is just strong 
enough to depolarize, but have it of an oscillating frequency. So long 
as its frequency of vibration is small compared with the probability 
of leaving the state, it depolarizes; but when its frequency becomes 
greater than the probability, the depolarizing effect decreases. This 
would be interpreted by saying that in the first case the time T was the 
time of a stationary state, and hence unaffected by the field, while in the 
second case it was the shorter time in which the field remained approx- 
imately constant, which decreased in inverse ratio to the frequency. 
Since the Larmor frequency is kept throughout of the order of magnitude 
of the initial 1/7, the depolarizing effect is unchanged until the stage is 
reached where the fluctuations of the field predominate over the prob- 
ability of leaving the stationary state, in dequantizing effect. Then T 
and vT begin to decrease, and this seems to be what is necessary to 
destroy the depolarization. Thus this phenomenon is in harmony with 
the view that a limitation of 7, either by variation of the external 
parameters or by limiting the life in the stationary state, has the same 
effect. 

Another ‘case of quantization in a magnetic field is the experiment of 
Stern and Gerlach. Here silver or other atoms are produced with a 
considerable thermal velocity in a region of practically no magnetic 
field and are then shot suddenly into a strong and variable magnetic 
field. As they enter the field they are presumably unquantized, for the 
Larmor frequency in the stray fields they had previously been in was 
not great enough to produce quantization. An approximately constant 


’ Briet and Ellett, Phys. Rev. 25, 888 (abstract) (1925). 
* Wood and Ellett, Proc. Roy. Soc. A103, 396 (1923); 

Eldridge, Phys. Rev. 24, 234 (1924); and particularly Breit, Phil. Mag. 47, 832 
(1924). Breit (loc. cit., p. 840) adopts precisely the present point of view regarding 
the diffuseness of quantization in weak fields. 

5 For general description of method, see Gerlach and Stern, Ann. der Phys. 74, 673 
(1924). 
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field is then suddenly applied to them; its magnitude is of the order of 
12,000 gauss, so that its Larmor frequency is of the order of 1.7 X 10'° per 
sec. At any subsequent instant, then, the time T will be the time which 
has elapsed since entering the field, or the time in which the field where 
the atom is changes by a considerable fraction of itself, whichever is 
smaller, and the strength of quantization will depend on rT or 1.7 X10'°T. 
If, then, T is large compared with 6X10-" sec., the atom will be well 
quantized. Now the velocity of the atom is the thermal velocity, of 
the order of 5X10‘ cm/sec., so that if the field is 5 cm long, it takes 
10~ sec. to traverse it. This, then, is the order of the time required for 
the field at the atom to change by a large fraction of itself, so that the 
process is perfectly adiabatic as far as the change of the field is concerned, 
except, perhaps, at the very beginning, when the atom suddenly enters 
the field. The quantization would be expected to be good except for the 
insignificant time of the order of 6 X 10-" sec. just at the beginning. 

Quantization in a magnetic field forms the best example of a degenerate 
system as it is the most familiar, but many other less familiar cases are 
no less significant. For example, suppose we are considering hydrogen 
atoms in various excited states. Corresponding to each total quantum 
number, there are, if the relativity precession be considered, states with 
various azimuthal quantum numbers. If each atom existed an infinite 
time in its stationary state, they would all have precisely one or another 
of the “‘allowed”’ values of angular momentum; but now suppose the life 
of the stationary states to be decreased, by increasing the pressure or 
by some other method; then the ratio of the relativity precessional fre- 
quency to the probability of leaving the state decreases. Thus the 
quantization decreases and the values of angular momentum and of 
the minor axes of the elliptical orbits are no longer confined to definite 
values but are distributed over all values, clustering, however, about 
these .as means. Finally, as the life gets very short—so short that but 
a fraction of a complete precession is made in one stationary state—the 
angular momentum is distributed evenly over all possible values, with 
no clustering at all about the multiples of h/2z. 

Another case is furnished by absorption in the higher lines of the 
principal series of an alkali. There the excited orbits are very eccentric 
and of frequency decreasing as the principal quantum number increases, 
until for an infinite quantum number the frequency becomes zero, the 
orbit becoming parabolic. But, in the limit, the life remains finite under 
ordinary circumstances, so that a point must be reached in the scale of 
ascending quantum numbers, above which the fundamental frequency 
is small compared with the probability of interruption, and the electron 








426 J. C. SLATER 





makes only a part of a circuit of its orbit before it is interfered with. 
At this point, then, the quantization must become diffuse, so that for 
greater values a continuous range of energies and angular momenta is 
possible. As we pass to the parabolic orbit, the tendency to quantize 
completely disappears. This case differs from the previous ones in that 
here all variables become degenerate, the largest frequency vanishing 
and periodicity ceasing. When this stage is reached, it is a transition 
only of degree, not of kind, to the hyperbolic orbits, which may likewise 
be supposed to be interrupted after finite lengths of time; a finite part of 
a hyperbolic orbit is not different in kind from a finite part of an ellipse. 
It appears from this that hyperbolic orbits should show no indication 
of sharp quantization. This situation would find application in the 
related problems of the continuous absorption beyond the limit of the 
series, and the continuous x-ray spectrum. In the first case, the final orbit 
is supposed to be of hyperbolic type; hence its action variables and 
energy are distributed continuously, and by the frequency relation the 
absorption spectrum is continuous. In the second case, the initial state 
consists of a free electron and an ion or atom, so that the electron may 
be considered to be describing an orbit of generally hyperbolic nature; 
and the final orbit is presumably sometimes of the same kind, sometimes 
an elliptic, quantized orbit. As in the orbits of hyperbolic type, we should 
expect that there would be complete absence of quantization in any other 
completely non-periodic type of motion which appears as the limiting 
case of complete physical degeneracy. A free electron in a metal, for 
example, if it really bumps about from atom to atom, must be expected 
to show practically no quantization of the ordinary kind. An extension 
of the ideas described here seems to offer the most hopeful method of 
attack on the problems of non-periodic motion in the quantum theory. 


Part Il 


The suggestion that the strength of quantization depends on v7 carries 
an implication of greatest importance in regard to quantum dynamics. 
Assume a collection of atoms which at a given instant enter a stationary 
state, and suppose that none of them have anything to interfere with 
their periodicity for some time after that. Then, after a time 7, the 
average strength of quantization will depend on v7; but this increases 
with the time, so that the quantization must become better and better 
as time goes on. That is, the energy and momentum of the various systems 
must cluster closer and closer about mean values with increasing time. 
As a necessary result, the energy and momentum of any individual atom 
must move closer and closer to the perfectly quantized value as time 
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goes on. After a short enough time interval, any co-ordinate can be 
regarded as degenerate, while after a time of the order of a few vibrations 
of the principal frequency, the principal variables become properly 
quantized. This implies a mechanism by which the energy and action 
variables can be varied, wholly apart from classical mechanics, and 
varied in such a way as to bring them nearer and nearer to quantized 
values. Since the energy and momentum are generally considered to be 
changed only by the action of forces, it must be supposed that there is a 
quantum mechanism which exerts essentially a stabilizing force, pulling 
the systems into their properly quantized orbits. This is a conception 
very different from the conventional one, by which the quantum part 
of atomic dynamics is considered simply as a restriction on the constants 
of integration of the orbits. Nevertheless, it seems to be demanded by 
many things. 

Perhaps the best example of the need of some such extra-mechanical 
force is seen in Stern and Gerlach’s experiment where atoms from a 
region where there is no magnetic field, or at least where the magnetic 
field is so small and so rapidly changing that atoms will not be quantized 
in it, suddenly emerge into a strong field. They will be originally oriented 
in all directions, and hence will have all values of magnetic energy. Yet 
when the atoms are quantized—which in the experiment actually 
happens—they have definite values of energy, so that each must have 
gained or lost in the process of quantization, energy comparable with its 
whole magnetic energy. This is an amount much greater than can be 
gained or lost in this time by mechanical means. Einstein and Ehrenfest® 
have calculated the change of magnetic energy classically, on account 
of the radiation accompanying the Larmor precession, and find it of an 
order of magnitude altogether too small to account for the comparatively 
large and sudden change. This fact they consider a serious difficulty 
connected with the experiment, but it is a perfect example of the present 
theory, and the change of energy involved in orientation is to be thought 
of as produced by the quantum forces which we have introduced. 

It is possible to apply the conception in a more ambitious way: 
to the dynamics of quantum transitions. As an atom enters a stationary 
state, we should expect according to our theory that its energy and 
action variables can have values anywhere inside a wide range. Is there 
any objection to supposing that they may have the values which they 
had as they left the last state? There does not seem to be. It seems 
permissible to suppose that the part of the change of stationary state 


6 Einstein and Ehrenfest, Zeits. f. Phys. 11, 31 (1922). 
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which occurs instantaneously is not the change in energy and action 
variables, but the change in the orbit toward which the stabilizing forces 
impel the atom. If the atom is well quantized in an orbit, so that these 
forces are not active, and there is a sudden change in the orbit toward 
which the forces are acting, the atom will find itself very badly quantized, 
and the forces will suddenly commence to act violently. In the course of 
a few vibrations, however, any given action variable will be forced to 
approximately its proper value, which will be approached more and 
more closely as time goes on. On this view, the energy and action 
variables would change continuously ; the two kinds of action, transitions 
and stationary states, which have previously been considered as entirely 
separate, would appear simply as two aspects of the same kind of dynam- 
ical action, the transitions being the periods when the quantum forces 
are very active, the stationary states when they are relatively quiescent. 
The lower a frequency is, the longer would take the transitional part of 
its motion, and for a frequency of the kind we have called degenerate, 
the variable would be always in a situation of transition, never reaching 
a real stationary state—whose characteristic would be the completeness 
of the quantization. In a system that is degenerate in all its variables, 
so that the orbit toward which the quantum forces impelled the motion 
changed in a time comparable with a period, the quantum forces would 
be continually active, never becoming quiescent, so that such a motion 
would be completely inexplicable on classical dynamics. The free electron 
in its interaction with an atom would be an example of this. 

The adiabatic theorem, and the cases when it breaks down, appear in 
a simple light. If an external parameter varies slowly, then at any instant 
the variables have all gone through many vibrations since their periodic- 
ity was appreciably affected, so that the quantization is good, remains 
good, and the quantum forces remain small. The classical forces alone, 
as is known, are enough in this case to produce the changes in the orbit. 
As soon, however, as the external parameters vary too rapidly, the 
quantization ceases to be good, the quantum forces become strong and 
attempt to pull the atomic system back to its original stationary state 
or into some other. In this situation, the ordinary dynamical forces are 
known no longer to tend to keep the action variables constant, but to 
vary them, so that if only the classical forces acted, the system would 
become permanently unquantized if a parameter varied suddenly. With 
the quantum forces, however, the effect is much like a quantum transition 
and results in the atom going to a quantized state again. All intermediate 
stages between the adiabatic and the transition-like action would occur, 
with different grades of suddenness of change of the conditions. 
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The quantum forces which have been suggested may be applied, by 
virtue of one of their simplest properties, to some of the difficult problems 
of quantum dynamics. Their aim appears to be to get the atom in a 
quantized state, which is a multiply periodic motion with proper values 
for the action variables, and to keep it there; their action is roughly 
analogous to a sort of restoring force for atoms that stray from their 
proper orbit, so that they must be supposed to oppose any force which 
tries to remove the atom from a quantized orbit. Of course, in speaking 
of force, the word is used in the sense of generalized co-ordinates, and 
not as forces literally acting toward definite points of the path. In 
hydrogen, the coulomb forces and the relativity forces are capable of 
maintaining the atom in a multiply periodic, quantized orbit. Thus, 
when the atom remains in its stationary state, the quantum forces do 
not oppose the classical ones. Likewise they do not oppose external 
fields, such as constant or slowly changing magnetic or electric fields, 
which would also result in quantized orbits; but the radiation resistance, 
and the forces from external radiation fields, both do tend to change the 
atom’s action variables. They must then be expected to be opposed by 
the quantum force, which will not allow them to affect appreciably the 
motion of the system. Since the quantum forces must be supposed 
capable of exerting powerful action, they are presumably able completely 
to counteract the effect of such forces. The reaction of such effects on 
the quantum forces appears in quite a different way, namely, in the in- 
duction of quantum transitions. 

For any atom but hydrogen, if we consider only classical forces and 
consider each electron as a system by itself, to be quantized by itself, 
there are large classical forces tending to change the energy and action 
variables of each separate electron; for in the interaction of electrons, 
if it is classical, energy passes from one electron to another during the 
cycle. In such a system, then, powerful quantum forces are set up 
tending to oppose this interchange of energy, angular momentum, etc., 
between the various electrons, and tending to force the individual 
electrons into multiply periodic orbits, each quantized by itself. If the 
quantum forces succeed in this, they will still have to act all during the 
motion, opposing some of the classical forces. But the result will be 
exactly the kind of motion which we believe occurs in atoms—multiply 
periodic motion of the single electrons, with no interchange of energy 
or other quantities between the different parts of the atom in the course 
of the stationary state; that is, just the kind of motion we should have if 
each electron were in a central field. A hint is thus given of the direction 
in which to approach the problems of atomic dynamics, namely, the 
introduction of quantum forces, opposing some of the classical forces, 
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and allowing only those to act which help to maintain each separate 
electron in multiply periodic motion. Only in the case of hydrogen do the 
forces necessary to do this become vanishingly small, so that only in this 
case can we expect the classical dynamics to provide a basis for discussing 
stationary states; and even in this case we cannot expect to discuss the 
stability of the orbits by classical mechanics. 

In spite of the apparent hopefulness of this line of attack on quantum 
dynamics, it would be foolish to suppose that it was sufficient in itself to 
solve the problem; for it must be recalled that the dynamics of stationary 
states represents but one of the two aspects of atomic mechanics, the 
other being the dynamics of the oscillators, each connected with two 
stationary states. In hydrogen, the Bohr atom has shown that the 
dynamics can be discussed with great ease from the-first standpoint, and 
this leads one to the conviction that such a treatment is possible in other 
cases also. But there are reasons for believing a discussion to be possible 
on the second basis also, and for thinking that that might be simpler 
than the first for complicated atoms; for the action of an external oscillat- 
ing electric field of optical frequency on an atom is most simply treated 
by considering the oscillators directly, and in an atom of more than one 
electron, the field of one electron on another is probably of this form. 
Thus it seems reasonable to suppose that we could consider the dynamics 
of such an atom by treating the reactions of the oscillators connected 
with the various electrons on each other directly. Such an idea was in the 
mind of the author when he suggested a mechanism of oscillators to de- 
scribe the reaction of an atom to light; it has occurred also to Born’ and 
presumably to others. It seems probable that both of these methods of 
attack on quantum dynamics will prove fruitful, and will eventually be 
found to be’ related. The most useful method of procedure seems to be to 
work on both methods together, trying to fit them into a single consistent 
scheme, the connection between them being presumably in the nature of 
extensions of the frequency condition and the correspondence principle. 

In a subject which has been thought about by as many physicists as 
this undoubtedly has, it is naturally impossible to claim much originality, 
in spite of the small amount which has been written about it specifically. 
I have had the pleasure of discussing certain parts of this paper with Dr. 
Breit, who holds very similar opinions to mine on most of the questions. 
My thanks are due, also, to Professor P. W. Bridgman for valuable sugges- 
tions regarding quantum dynamics, and to Professor E. C. Kemble and 
Dr. L. A. Turner for their criticisms. 

JEFFERSON PHysICAL LABORATORY, 

June 8, 1925 


’ Born, Zeits. f. Phys. 26, 379 (1924). 





MAXIMUM COEFFICIENTS OF ABSORPTION 


ON THE ESTIMATION OF MAXIMUM COEFFICIENTS 
OF ABSORPTION 


By RicHarp C, ToLMAN 


ABSTRACT 


On the basis of the correspondence principle it is shown that Einstein's 
coefficient of absorption can be estimated from the equation Bng = 2r%e?Q*/3h? 
where e is the charge and Q the amplitude of the virtual oscillator which 
corresponds to the transition by absorption from state S, to. S.. Assuming that 
probable maximum values can be obtained by taking e equal to the charge of 
one electron and Q equal to 3X10-* cm, we obtain (Bre) max =10"° in c.g.s. 
units, in agreement with values from 10" to 2.3 X10'* previously calculated 
by the author from absorption data. 


N connection with theories of the rates of chemical reactions, it is 
important to estimate the maximum values which we are likely to 
encounter for the coefficient of absorption of light by molecules.' The 
recent work of Van Vleck? on the form taken by the Bohr correspondence 
principle when applied to absorption, and of Hoyt’ and the present writer* 


on the problem of the quantitative formulation of the correspondence 
principle, suggest a somewhat new approach to this question. 

Consider two of the possible quantum states of a molecule, a lower 
(normal) quantum state S, and an upper (activated) quantum state S,, 
and let us investigate the passage of molecules from one of these states 
to the other by the absorption and emission of radiation. If we have 
N, such molecules in the upper quantum state, the rate of spontaneous 
emission of energy due to the jump in question will have, on the basis 
of the quantum theory, the value 

dR/dt=N.Aaphv (1) 
where A,,, is Einstein’s coefficient giving the probability in unit time for 
the spontaneous emission of a quantum hv. 

In order to apply the correspondence principle, let us now proceed in a 
manner which may for the moment seem somewhat arbitrary, and equate 
this rate of energy emission to the quantity 

dR/dt = N,(162'e?/3c*)Q*4 (2) 
which is the rate of emission on the basis of the classical theory of a set of 


' See for example Tolman, J. Amer. Chem. Soc. 47, 1524 (1925). 
2 Van Vleck, Phys. Rev. 24, 330 (1924). 

3 Hoyt, Phil. Mag. 46, 135 (1923); ibid, 47, 826 (1924). 

‘Tolman, Phil. Mag. 49, 130 (1925). 
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harmonic electric oscillators of charge e, frequency v, and amplitude Q. 
We obtain for Einstein’s coefficient of spontaneous emission the expression 
Aan = (16'e?/3hc*) Ov’ (3) 
and by substituting the known relation 
Aan (8rhv*®/A) Bra (4) 
between Einstein’s coefficients of absorption and emission can obtain for 
the coefficient of absorption the expression 
Baa = (2m%e?/3h?)Q? (S) 
where the desired quantity B,, is the chance per unit time that a mole- 
cule in state S, will pass to the upper state S, by absorption, when in 
the presence of radiation of unit density. 

On the basis of the correspondence principle, however, we should expect 
the amplitude Q, which was introduced above in a seemingly artificial 
manner, to be calculable as an average of the corresponding amplitude 

‘present in the classically allowed motions of the molecule, which lie 
between the two quantum states S, and S,. Different methods of taking 
this average have been studied by Hoyt and the present writer, and the 
exactly correct method has not yet been determined. Nevertheless, since 
in accordance with Bohr’s correspondence principle Q is the amplitude 
of that particular harmonic in the internal motion, having order numbers 
71... . 7, equal to the changes in quantum numbers An, .. . . An, which 
characterize the quantum transition in question, we should expect that a 
reasonable estimate of the probable maximum values of B,, could be 
obtained by taking Q of the order of molecular dimensions. 

As a matter of fact, giving Q the value of 3 10-* cm and assuming the 
charge e of the oscillating system to be that of one electron, we obtain 
from Eq. (5) the value B,.=10°° c.g.s. units. It is interesting to compare 
this estimated maximum with the values of B,, calculated by the author® 
from actual absorption measurements in a variety of cases where data 
were available. The values obtained ranged all the way from 10" to 
2.3 X 10"* c.g.s.u., which are not out of accord with the above estimate. 

In connection with the foregoing treatment, attention is called to the 
advantage obtained by using Eq. (5) to estimate possible values of Bra, 
rather than Eq. (4) to estimate values of Aan, since in this way we obtain 
a quantity which is independent of the frequency. This new possibility 
was suggested to the writer by Van Vleck’s work. 


NORMAN BRIDGE LABORATORY OF PuysIcs, 
CALIFORNIA INSTITUTE OF TECHNOLOGY, 
PASADENA, 
June 24, 1925. 


‘ Tolman, Phys. Rev. 23, 699 (1924). 
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THEORY OF THE NUMBER OF BETA-RAYS ASSOCIATED 
WITH SCATTERED X-RAYS 


By G. E. M. Jauncey anp O. K. DeFor 


ABSTRACT 


In a recent paper by Compton and Simon the ratio of the number of recoil 
electron tracks to that of photo-electron tracks has been found equal to the 
ratio of scattering coefficient ¢ to true absorption coefficient r for short wave- 
length x-rays, as predicted by Compton and Hubbard, but for long wave- 
lengths the experimental ratio is distinctly smaller. In the present paper a 
correction factor is applied to «/r by taking into account the motion and the 
binding energy of the scattering electron in its Bohr orbit and also the minimum 
energy which the recoil electron must have in order to produce a visible track 
in a Wilson cloud apparatus. Assuming a minimum energy of 630 volts for 
a recoil electron to produce a visible track, the correction factor for a primary 
wave-length of 0.71A is 0.36, thus making the theoretical value of the ratio 
of recoil to photo-electron tracks 0.097 as against an experimental value of 0.10. 
For other wave-lengths the agreement is equally good. 


INTRODUCTION 


.H. COMPTON AND SIMON! have recently published a paper on 
the beta-rays associated with scattered x-rays. They counted the 
beta-ray tracks in a Wilson cloud apparatus. Two types of tracks are in 
general produced, the R type, which are short tracks and are due to recoil 
electrons, and the P type, which are longer and are due to photo-electrons. 
Compton and Hubbard? have shown for the case of scattering by free 
electrons that the ratio of the number of R tracks to that of the P tracks 
is given by 
N r/ Np=oe / T (1) 
where @ is the scattering coefficient and 7 the true absorption coefficient 
of the x-rays in the gas in the expansion chamber. In Table I of the paper 
by Compton and Simon! values of Nr/Np as observed experimentally 
are compared with values of ¢/r and a very good agreement is shown 
when short wave-length x-rays are used. For long wave-length x-rays, 
however, Nr/Np is distinctly smaller than ¢/r. Compton and Simon 
point out that the reason for this discrepancy may be that the spectrum 
of scattered x-rays shows both a modified and an unmodified line and that 
the latter is probably the result of scattering without the production of a 
recoil electron, but they remark that the accuracy of their counting be- 
comes small at long wave-lengths and that therefore the discrepancy 


! A. H. Compton and A. W. Simon, Phys. Rev. 25, 306 (1925). 
* AH. Compton and J. C. Hubbard, Phys. Rev. 23, 439 (1924). 
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may be due to experimental error. Jauncey’s theory of the unmodified 
line® requires that unmodified scattering should occur without the pro- 
duction of recoil electrons. 


THEORY 


On Jauncey’s theory,? the ratio of the number of modified quanta 
scattered at an angle ¢ to the total number of quanta scattered at this 
same angle for the case where the binding energy of the scattering elec- 
trons is small and the electrons are moving in circular orbits is 


Ninod ay Vers 6+2+/2a, sin 3¢—No/d. (2) 


4,/2a, sin dy 





No tal 


where Xo is the wave-length of the primary x-rays, A, a critical absorption 
wave-length of the scattering substance, ay=h/mcXo and a,=h/mcenrg. 

Next we must consider the fact that all of the recoil electrons do not 
possess sufficient energy to produce noticeable recoil tracks. C.T.R. 
Wilson‘ gives a formula V = 21000./R where V is the energy of an elec- 
tron in volts and R is the range of the track produced in centimeters. 
Probably the length of the shortest track which could be distinguished 
would be of the order of 1/100 mm.: Such a track would be produced by 
electrons of 630 volts. The track would probably appear as a sphere 
track. It may be mentioned that Miss Anslow® gives it as her opinion 
that the sphere tracks observed in Wilson’s photographs are produced 
by 998 volt electrons. Hence, our assumption of 630 volts is of the right 
order of magnitude. An energy of 630 volts corresponds to the energy of 
a quantum of wave-length 20A. Let us denote this wave-length by Aj. 
The energy of a recoil electron is hc(1/Ao—1/A,—1/As) and this must be 
at least Ac/X; in order to produce a visible track. Hence, at least 


A, /do= (1 +ro/As+Ao/Ai) (3) 


since both A, and A; are much larger than Xo. The effect of Eq. (3) is to 
replace \o/A, in the numerator of the right hand member of Eq. (2) by 
(Ao/As+Ao/A;) in the expression for the ratio of the number of visible 
recoil electrons to the total number of quanta scattered at the angle @. 
Hence, this ratio is 


7 N(recoil) ap vers@+2+/2a, sin }g—Xo/A, —Ao/Di (4) 








N uanta 4 —-. 
(q ) 4,/2a, sin $9 

3G. E. M. Jauncey, Phys. Rev. 25, 314 (1925). _ 

*C. T. R. Wilson, Proc. Roy. Soc. 104, 1 and 192 (1923). 

5G. A. Anslow, Phys. Rev. 25, 484 (Apr. 1925). 
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In order to find the average value of X when integrated over all angles of 
scattering it is necessary to know the angular distribution of the scattered 
quanta. We shall assume as an approximation the distribution given when 
the electrons are free. The theories of A. H. Compton® and Jauncey’ give 


1+ cos? ¢+2a(1+ a0) vers? 
2(1+ avers ¢)* (5) 





N,=const. X 


The average ratio is then | 
b= [x xsinods / [X,sinoao. (6) 
0 0 


It should be noted that X is taken as zero when the right hand member 
of Eq. (4) is negative and as unity when the right hand member exceeds 
unity. For scattering by a particular type of K, L, etc., electrons, the 
experimental ratio Nr/Np should be given by ko/r. For scattering by 
air k must be averaged for the different types of electrons and the dif- 
ferent atoms. These averaged values of k calculated on the assumption 
that A;=20A are shown in Table I. 


TABLE I 
Wave-length Nr/N p(obs.) a/t 
.10 


The first three columns are taken from Table I of Compton and Simon’s 
paper.' It is seen that there is better agreement between the second and 
fifth columns than between the second and third columns. 


WASHINGTON UNIVERSITY, 
St. Lours, Missour1, 
April 29, 1925. 


6 A. H. Compton, Phys. Rev. 21, 483 (1923). 
7G. E. M. Jauncey, Phys. Rev. 22, 233 (1923). 
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PROBABILITY OF IONIZATION OF GAS MOLECULES BY 
ELECTRON IMPACTS 


By K. T. Compton anv C. C. VAN VoorHIS 


ABSTRACT 


Ionization in various gases by electrons of energy 0-325 volts.—Electrons 
from a hot filament were projected through an ionization chamber B containing 
gas at low pressure (.001 to .005 mm) and intoa trap. Positive ions produced 
in B were collected on fine wires arranged in the form of a squirrel cage C and 
maintained at a potential lower than B by an amount V,;. Corrections were 
made for the facts (1) that the wires C lowered the potential at the center of B 
and hence retarded the electrons passing through B by a maximum amount of 
0.4X V,, and (2) that if V, was numerically less in value than the accelerating 
potential V,, some primary electrons reached C. The pressures were measured 
with a McLeod gauge to 1 percent and were corrected for the heating effect 
of the filament, which was determined by using the apparatus as an ionization 
manometer to be about 26°. The resulting curves for N, the number of ions 
per cm path produced by an electron moving through a gas at 1 mm pressure, 
are believed correct within a few percent. In agreement with previous results 
of Hughes and Klein and others, the curves each rise to a maximum. The 
maximum values found and the corresponding voltages are as follows: 

H. He Ne A N: Hg HCl 

N(max): 3.55 1.65 3.2 10.33 9.96 19.44 17.3 

V(max): 145 210 340 140 175 135 130 

P(max): 0.29 .209 .254 .466 .423 .239 .558 
The values for P(max), the corresponding probability that a collision will 
result in ionization of the hit molecule, were computed from N(max) assuming 
the kinetic theory values for electronic mean free paths. These results are 
compared with previous experimental values. Ionization was found to begin 
at the ionizing potential in each case, except that with N2 weak ionization was 
observed at 10 volts. This may possibly be associated with the presence of 
traces of active nitrogen. 


WNSEND’S original theory of ionization by collision! assumed 

that ionization of a gas molecule occurs whenever it is struck by an 
electron whose speed exceeds the minimum ionizing speed, but this theory 
led to values of the minimum ionizing speed which were considerably in 
error. Bergen Davis? and one of the writers* modified Townsend’s theory 
by assuming that the relation between the energy V of an electron at 
impact and the probability P that ionization of the molecule results from 
the impact is given by P=(V—V,)/V when V>V; and P=0 when 


1 Townsend, ‘‘The Ionization of Gases by Collision.” 

? Bergen Davis, Phys. Rev. 24, 93 (1907). 

3K. T. Compton, Phys. Rev. 7, pp. 489, 501, 509 (1916); Compton and Benade, 
ibid. 11, 234 (1918). ‘ 
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V< V;. This assumption led to calculated values of the minimum ionizing 
energy V; which agreed better with the true values than did Townsend’s 
original theory, but which were still incorrect. The recent advances in 
the study of various types of electrical discharge through gases, and 
especially the development of Langmuir’s‘ new method for determining 
the distribution of velocities of the electrons in an ionized gas, have em- 
phasized the importance of accurate knowledge of the values of the prob- 
ability P of ionization by electron impacts at various speeds and in 
various gases. 

The first experimental observations of this sort were made by Lenard® 
and were extended under his guidance by Kossel® and Mayer.’ These 
investigators found that the probability of ionization is zero for impact 
energies up to the minimum ionizing potential, then increases to a maxi- 
mum of less than 0.5 at impact energies of about 150 volts, followed by a 
decrease as the energy is further increased up to 1000 volts. 

The present investigation was designed to introduce a number of re- 
finements in technique, so as to permit the maximum possible accuracy 
of the observations. Shortly after we had begun, Hughes and Klein® 
published results of a research on the same problem, in which a consider- 
able number of gases was tested over a large range of electron impact 
energies. In general features and in order of magnitude our present results 
agree with the findings of these and of the earlier investigators. We 
believe, however, that the present method permits greater accuracy of 
observation and reliability of interpretation than the methods previously 
used, so that we felt justified in continuing the work to its present con- 
clusion. 

The general procedure in such work is to accelerate electrons from a 
photo-electric or thermionic source and project them into a region in 
which the products of ionization are collected by a subsidiary system of 
electrodes. Besides obvious precautions of accuracy, calibration, gas 
purity, etc., there are several inherent difficulties encountered in endeav- 
oring to measure the ionization per electron per unit path through the 
gas. The first of these is due to the fact that the electrode system which 
collects the products of ionization is subject also to charge arising from 
photo-electric action on the electrodes by radiation excited by electron 
impacts in the gas. The second difficulty is due to the necessity of apply- 

‘ Langmuir, General Electric Review, 26, 731 (1924); Langmuir and Mott-Smith 
ibid. 27, pp. 444, 538 (1924). 

5’ Lenard, Ann. der Phys. 12, 474 (1903); 15, 485 (1904). 

* Kossel, Ann. der Phys. 37, 393 (1912). 


7 Mayer, Ann. der Phys. 45, 1 (1914). 
® Hughes and Klein, Phys. Rev. 23, pp. 111, 450 (1924). 
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ing a field in the region between the collecting electrodes in order to draw 
to them the products of ionization and to prevent any of the primary 
ionizing electrons from reaching these electrodes. Because of this field, the 
primary electrons do not pass through the gas with a constant speed, but 
with speeds which vary from that with which they are projected into the 
ionizing region down to much smaller values (down to zero in the experi- 


ments of Hughes and Klein). It is, therefore, impossible to say to just what 
energy of impact the observed ionization should be ascribed, and it is 
necessary to compute the desired result by setting up an integral equation 
to represent the observations and to solve it by differentiating the experi- 
mental curve. To the above difficulties might be added a third source of 
error which arises from any ionization of a cumulative type or from more 
than one impact by the same primary electron. 

In the present work we have eliminated the first and third of these 
difficulties and reduced the second so that the value for the ionization 
per electron per centimeter path is set experimentally within rather 
narrow limits and may be computed within these limits with but a small 
probable error. 


APPARATUS AND ITS USE 


The apparatus employed is shown in Fig. 1. The filament F consisted 
of a few turns of 10 mil (.25 mm) molybdenum wire, in front of which 
was placed a focusing ring connected to the negative terminal. The 
narrow tube 7 through the bottom of the shielding box served to direct a 
narrow beam of electrons into the middle region of the chamber B. The 
positive ions formed in B were attracted to the collector C, which con- 
sisted of five 20 mil wires supported at each end by a ring of the same 
sized wire. The use of small wires for collecting the positive ions had the 
triple advantage of reducing to an inappreciable value the photo-electric 
current from this electrode, of reducing the chance that primary electrons 
which might be scattered in the gas would reach this electrode, and of 
reducing the effect on the velocity of the primary electrons due to the 
collecting field V,. The ion trap S served to catch the electrons after 
passing through B, and also any positive ions produced after passing 
through the gauze at the bottom of B. The chamber B was 2.8 cm long 
and about 3 cm in diameter. All metal parts were made of nickel except 
the filament, and were freed from gas by heating in vacuo to a red heat 
by high frequency induction currents. 

The electrical connections used in making the measurements are 
shown in Fig. 2. The variable*accelerating voltage was measured by a 
voltmeter V,, while G_ and G, measured, respectively, the electron 





IONIZATION OF GAS MOLECULES BY ELECTRON IMPACTS 439 


current J_ into the chamber B and the positive ion current J, resulting 
from ionization by the electrons passing through the gas in this chamber. 
We thought, when beginning the investigation, that a magnetic field 
produced by a current through a coil wound around the glass jacket and 








































































































Fig. 1. Electrons from the filament F were projected through the tube T into the 
ionization chamber B in which the products of ionization were collected by a “squirrel 
cage” arrangement of wires C. The non-colliding electrons passed into the ion trap S. 
The dotted curves represcnt equipotential surfaces, with an axial point of minimum 
potential V,,, when the potentials of B and Care V, and V,, respectively, with respect 
to the filament. 


coaxial with the chamber B would prevent electrons from reaching the 
collector C and thus permit us to use so small a collecting field as not 
appreciably to affect the speed of the primary electrons passing through 
the chamber. When this plan was tried, however, it was found that the 
ratio of J, to J_ for any given pressure was very irregular, being subject 
to small variations in the magnetic field, and that these_irregularities 
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could be shifted from lower to higher voltages by increasing the magnetic 
field. Not succeeding in explaining or eliminating this effect of the 
magnetic field, we abandoned its use and applied a retarding voltage V, to 
the collector C to prevent electrons from reaching it. A galvanometer with 
a sensitivity of about 300 megohms was used as G_, while for G, were 
employed a galvanometer of about 11000 megohms sensitivity for the 
higher currents and a Compton electrometer with suitable India ink 
shunts for the lower currents. 

The gas pressures used were between 0.001 and 0.005 mm mercury in 
order that the chance of an electron’s making more than one collision with 
gas molecules while passing through chamber B would be extremely 
small. It was, therefore, unnecessary to take account of any ionization 
due to multiple collisions. These pressures were measured by means of a 
McLeod gauge with a rather fine capillary on the gauge reservoir, and 
instead of using a capillary of the same size for the outside mercury level, 


mL oe 


— ‘4a fe]if----1] fay +4a[t|ile---fopaiye— 


Fig. 2. Circuits. Voltmeters V, and V, measured the accelerating and collecting 
fields, and galvanometers G_ and G, measured the total electron current entering B and 
the positive ion current due to ionization, respectively. 


a 1 cm tube was used. To determine the zero level of the mercury in the 
1 cm tube, the capillary depression in a clicking vacuum was determined 
at various points along the capillary and was found to be everywhere 
almost exactly 12 mm. So, when a reading was taken, the outside level 
of the mercury was set 12 mm above the top of the capillary and the 
pressure read off the calibration curve as usual. The capillary tube was 
always tapped with a pencil while the mercury was coming to equilibrium 
in the tubes, to avoid any error due to the adhesion of the mercury to the 
walls. Also, parallax was avoided by observing the level of the mercury 
in the capillary through a lens mounted at the end of one edge of a small 
square. With these refinements the readings of the pressures varied less 
than 1 percent for different settings on the same pressure. A further check 
on the accuracy of the pressure readings was made occasionally by finding 
the product of the length of the gas-filled capillary times the difference in 
level of the mercury columns (the 12 mm capillary depression being de- 
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ducted of course) for different levels of the mercury in the capillary. 
This check was used whenever there seemed to be any pronounced stick- 
ing of the mercury in the capillary near the level used in the regular 
method of reading. 

Determination of gas temperature. Since the chamber B became warm a 
short time after the filament current was turned on, it was necessary to 
find the actual temperature of the gas in order to know its density and to 
be able to reduce the results to standard conditions. Rather than re- 
construct the apparatus with a thermocouple attached to B, we used the 


. 


} P= .0onoss 


Va. = 160 Volts 





P=.001955 


f. = 320 Volts 








p=.00173 
2022s 30 35 40 45 
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Fig. 3. Typical curves from which was found the temperature of the gas in the 
ionization chamber B. Time was measured from the instant of turning on the filament 
heating current. The decrease in ordinate (ionization per electron per 0.001 mm gas 
pressure) was due to the subsequent warming up of the gas. By use as an ionization 
gauge, the ratio of initial to final equilibrium temperature was computed. 





apparatus as an ionization gauge to find the decrease in gas density due 
to increase in temperature just after the current through the filament was 
turned on. The positive ion current and electron current were measured 
at twenty second intervals for at least five minutes, beginning about one 
minute after the filament current had been turned on, and then at less 
frequent intervals until stable conditions were reached. Fig. 3 shows the 
results of two typical runs in mercury vapor, one with V,=160 volts 
and the other with V,=320 volts. The ordinates are numbers of positive 
ions produced per electron in traversing the length of B, per 0.001 mm 
pressure of the vapor.? The values of this number at time 0, i.e., at room 
temperature, are obtained by a short extrapolation of the curves back- 


* The difference in the shape of these curves is due, for the most part, to the differ- 
ences in initial pressures and in changes of pressure during the runs. That is the reason 
for giving the pressures in the figure. 
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ward. Thus with V,=160 volts the final ordinate is 91.9 percent of the 
initial one, and corresponds to a temperature rise of 26° above the room 
temperature of 25°; and with V,=320 volts the final ordinate is 90.7 per- 
cent of the initial one and corresponds to a temperature rise of 30° above 
the room temperature of 23°. From the consideration of nine such runs, it 
was decided that 51°C best represents the temperature of the gas in cham- 
ber B throughout the various observations. The possible variations from 
this temperature would not introduce any appreciable error. 

Methods of handling the gases. The hydrogen was prepared by elec- 
trolysis of dilute sulfuric acid and was purified by passing over phos- 
phorous pentoxide and through charcoal immersed in liquid air. It was 
admitted to the experimental tube through a trap immersed in liquid air, 
and there was also a liquid air trap between the experimental tube and 
the McLeod gauge and diffusion pump connections. Owing to the very 
rapid “‘clean up” of the hydrogen, a reservoir of about 5 liters capacity 
was attached to the tube to reduce the rate of change of pressure. The 
pressure was measured at about ten minute intervals during the runs, and 
the time of each current reading was noted, so that the proper pressure 
could be used for each individual calculation of the ionization per electron 
per unit pressure. 

The argon was purified by prolonged arcing between calcium electrodes 
and was admitted to the experimental tube through a liquid air trap. To 
insure the purity of the neon and the helium in the tube, a charcoal trap, 
a tube containing copper and copper oxide, and a high pressure diffusion 
pump were added to the system in such a way that the gas could be cir- 
culated by the pump through the glowing copper and copper oxide and 
the charcoal, which was immersed in liquid air. This circulation was not 
continued while observations were being made, since the action of the 
circulating pump caused somewhat erratic variations in the gas pressure 
within the experimental tube. The helium and neon were each spectro- 
scopically free from each other before being admitted to the system. 

The nitrogen first used was generated by the reaction of sodium nitrite 
and ammonium chloride, stored in contact with phosphorous pentoxide 
and admitted through a tube immersed in liquid air. After finding that 
some ionization set in at about 10 volts (see Fig. 5) it was thought that 
possibly there might be some nitrogen oxides present, so that other runs 
were made using nitrogen generated by the action of bromine on ammonia 
and stored over phosphorous pentoxide—a method which is supposed to 
yield very pure nitrogen.!° However, the experimental results with the 
gas prepared by the two methods were almost identical. 


10 Waran, Phil. Mag. 42, 246 (#921). 
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While making the observations on mercury vapor, the liquid air was 
removed and the pressure varied for different runs by varying the room 
temperature. The slight temperature changes during a run were taken 
account of by noting at ten minute intervals the temperature of a ther- 
mometer placed in the vicinity of the system, and the time of each current 
measurement was noted, as in the case of hydrogen. 

For the observations on hydrogen chloride, the gas was generated Ly 
the action of sulfuric acid on hydrochloric acid, passed through a sul- 
furic acid wash bottle, over phosphorous pentoxide and solidified in a tube 
immersed in liquid air. Then any uncondensed gas was pumped off, and 
the condensed material was allowed to evaporate into the 5 liter reservoir, 
after which it was recondensed and the residue again pumped off. This 
process was repeated until no uncondensable gas remained. The gas 
pressure in the 5 liter reservoir was then adjusted so that the rate of flow 
into the experimental system through a fine capillary leak would give a 
suitable pressure in the experimental tube when the diffusion pump was 
running. In this way there was no opportunity for the accumulation of 
products of slow reaction of the HCl vapor on the metallic electrodes. 
Due care was taken in the arrangement of the McLeod gauge and pump 
connections so that the gauge would give the true pressure in the experi- 
mental tube. Since liquid air temperature is too low to give a suitable 
vapor pressure of hydrogen chloride, a temperature between 10° and 25° 
higher than liquid air temperature was maintained in the traps for keep- 
ing out mercury vapor, by surrounding the traps with cylinders of brass 
closed at the bottom, these in turn being surrounded by large glass test 
tubes immersed in liquid air. By allowing about an inch of the brass 
cylinder to extend above the top of the liquid air flask, the pressure of 
the hydrogen chloride could be made as high as about 0.015 mm. Since 
there was usually a slight pressure change during a run, the same method 
of obtaining the correct pressure for each observation was used as in the 
cases of hydrogen and mercury vapor. 

Potential at the center of chamber B. \n order to prevent any appreciable 
number of electrons from striking the positive ion collector, V, had to be 
made slightly larger than V,. Thus the space through which the electrons 
passed within the chamber B was not field free, but had a potential dis- 
tribution, probably such as shown in the central part of Fig. 1. The poten- 
tial with respect to the filament would be a minimum at the center of B. 
Thus an electron, entering B with the speed corresponding to V,, would 
be retarded until it reached the center, and then would be accelerated 
so that it would pass out of B with the same speed as that with which it 
entered, provided it suffered no inelastic collision on the way. . Two 
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methods were used in determining the potential at the center of B. The 
first consisted in measuring the total electron current J_ while V, was 
kept constant and V, varied, for a series of values of V, both in a vacuum 
and in hydrogen. When J_ was plotted against V,, a marked change in 
‘slope was found in every curve at a value of V, about 2.5 times that of V,. 
This critical value of V, was interpreted as being the one above which 
electrons were turned back before reaching the center of B, some striking 
the tube T or the under side of the shield containing it. Therefore Vn, 
the potential at the center of B, may be taken as V,—0.4| V,| , where 

| V,| represents the numerical value of the retarding potential applied 
between B and C. 

The second method of determining V,, was to place a sensitive gal- 
vanometer in series with the 22.5 volt battery B (Fig. 2), connecting the 
two sets of vanes of the ion trap, and noting at what value of V,, for a 
given V,, electrons began getting through B into the ion trap. It was 
found that they began to get through when V, was from 0.40 to 0.45 
times |V,|, thus confirming the conclusion that V,,=V,—0.4|V,|, to 
a close approximation. 

Methods of measurement and calculation. Series of measurements were 
made on all the gases investigated by noting G_ and G, as V, was varied 
from below the minimum ionizing potential to about 320 volts (410 volts 
in the case of neon to make sure that the voltage for maximum J, had 
been passed) with | V,| always about 1.5 volts greater than V,. Readings 
were taken at intervals of one volt to-above twice the ionizing potential; 
then of two volts to about 100 volts; of five volts to about 180, and then 
of ten volts over the rest of the range. Preliminary tests showed that the 
ratio J,/J_ was independent of the filament temperature, i.e., of J_, over 
a wide range. For convenience, about the same filament current was used 
all through the investigation and the galvanometers were calibrated at 
the beginning and end of each individual run. Several runs were made at 
somewhat different pressures with each gas. The only limitations in the 
pressures and currents which could be used were (1) that these must be 
large enough to give sufficient ionization for accurate measurement, 
and (2) that they must not be so large as to allow appreciable ionization 
by cumulative action or by more than one impact by an electron. 

From the readings of G_ and G,, the galvanometer and electrometer 
calibrations and the gas pressures, the ratio J,/(J_p), where p is the 
pressure of the gas in mm of mercury, was calculated. Then from the 
results of three or more such runs which agreed within 2 percent with one 
another over most of the range for each gas, the mean values of this ratio 
were found for each voltage V,. When these mean values were plotted 
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against the values of V, they gave such curves as curve a in Figs. 4 and 5. 
The ordinates of this curve should give the average number of ionizing 
collisions made per electron while moving a distance equal to the length 
of B (2.8 cm) through the gas at 1 mm pressure with velocity correspond- 
ing to V,, if it were not for the fact that the space within B is not field free 
and consequently the electrons do not all have the velocity V, when they 
strike the gas molecules. Two methods were used to take into account 
this uncertainty, (1) by calculation based on the distribution of potential 
within B, and (2) a direct method whereby the desired quantity can be 
set by experiment between narrow limits. 

First method. Of several assumptions made regarding the variation 
of potential along the path of the electrons in B, the one which gave the 
most reasonable results was the assumption that the potential varies at 
a uniform rate from the end to the center. Then the value of the potential 
V (with respect to the filament) at any point x in B is given by 


l 

V= v.- f Edx=V,—E(l—x) , 
where / is the distance from the center to the end of B, x is the distance 
of the point x from the center of Band E is the electric intensity (supposed 
constant). At the center, x =0, hence 

Van=V,—EHl=V.—0.4(V.—V.-) 

where V.=V,— |V,| is the potential of the collecting electrode. Thus 
E=0.4 (V,—V.)/l. Substituting this above, and remembering that V. 
in our experiments was only 1.5 volts, we have approximately 


V=V,(0.6+0.4x/l) . (1) 
Let M=I,/(I_p) stand for the observed ionization per electron per 
unit pressure in the chamber B. Let f(V) be the average number of 


ionizing collisions made by an electron if it passed through B with uni- 
form velocity of V volts, at unit pressure. Then we should have 


Ve 
M= f f(V)d(x/l) . 
Vn 


Since V,,=0.6V,, and differentiation of Eq. (1) gives d(x/l) =(2.5/V.)dV, 
we have 
Va 
M=(2.5/V.) f f(V)dV . 


0.6V, 
By differentiation, 


0.4 d(MV,)/dV,=f(V.)—f(0.6 Va) . (2) 
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In applying this equation to determine f(V,) from the experimental 
values of V, and M, we have two cases to consider: 

If V,<1.67 times the minimum ionizing potential V;, then f(0.6 V,) =0, 
and we have 
























































f(V.)=0.4d(MV,)/dV.. (3) 
If V,>1.67 V;, then 

f(V.) =0.4 d(MV,)/dV.tf(0.6 Va) . (4) 

27.5 . —— las acinar 

; | | 

23 mes SS 3 

e a nae | 

“ oS 

78 a = eee | a es 

ee See 

:p 

12.5 +-— + 4+ + —- + 

10 Sa = ee 

25 = Ml + 











| | 
10 «6 120:« 130) 140s iSO 180 170s 180 





Fig. 4. Curves for nitrogen; positive ions formed per electron per mm pressure per 
2.8 cm path as a function of energy of electrons, in volts. Curve a gives experimental 
results when V, = V.+1.5 volts, thus with primary electrons prevented from reaching C. 
Curve ) gives the same values plotted against the minimum energy V» instead of the 
maximum energy Vg. The true curve lies between these. Curve c gives experimental 
values when V; was adjusted for maximum ionization, and curve d gives the same for 
minimum voltage V,.. Curves e and f were obtained by correcting c and d for stray 
electron current. The true curve lies between e¢ and f and is taken as curve A. Crosses 
are points which were computed from curve a by method (1). 


The values of f(V.,) were calculated for the different voltages used, by 
means of Eq. (3) and (4) and plotted at the mid-points V.—} dV,, 
giving results such as are shown by the crosses in Figs. 4 and 5. A rather 
marked change in slope was noted in all of the M curves at a value of V, 
approximately twice the ionizing potential, and this break was still more 
pronounced in the f(V.) curves. It was at first suspected that these 
breaks might be due to ionization of highly excited molecules, or by the 
double ionization which might occur if a molecule, excited by an energy 
at least twice the minimum ionizing energy, should make a collision of the 
second kind with a neutral molecule. Such effects should, however, tend 
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to disappear at very low gas pressures, whereas we found that-the curves, 
including this break, were identical down to extremely low pressures. In 
the second method, described below, it was found that this break shifted 
according to the value of V,, so that we are inclined to attribute it to a 
peculiarity of the field within B, due to lack of radial symmetry of the 
collecting electrode system. It probably indicates a second order error in 
the values of M and /(V.) in the lower voltage ranges. 

The second method for finding the number of ionizing collisions which 
would be made by an electron moving with a uniform speed V, through 
B in gas at unit pressure, can be best explained by referring to Fig. 4. 
Consider, for instance, the experimental reading marked 1. Here the 
electrons entered the chamber B with velocity of 36 volts and reached 
the center of B with velocity of 0.6 of 36, or 24 volts. The ordinate at 1 
must therefore be the value of f(V.) corresponding to some value of V, 
between 36 and 24 volts. In other words, the corresponding point 
on the {/(V.) curve must be somewhere between 1 and 1’. Similarly for 
every point on curve a there is a corresponding point on curve } which is 
shifted to the left by an amount 0.4 of V,. The true curve for f(V.) must 
lie between the curves a and b. 

Now, by decreasing the field V, to a value considerably less thanV,, 
keeping V,, constant at 36 volts, it was found that the current J, increased 
to a maximum value when V, was 11 volts, and then decreased with 
further decrease in V,. The reason for this is that decrease in V, produced 
two opposing effects: (1) It diminished the retardation of the electrons, 
thus causing them to traverse B with speeds more nearly equal to V,, 
and thus increased the ionization produced by them; (2) it permitted 
some electrons to reach the collecting electrode, and thus diminished the 
apparent amount of ionization. The observed value of J. corresponds to 
point 2 in Fig. 4. Owing to the electrons which reached the collecting 
electrode, the true ionization must have been somewhat greater than this. 
The amount by which it was greater was determined by making a similar 
measurement with the gas removed from the tube, so that the stray elec- 
tron current only was measured, and this was checked by similar meas- 
‘urements in the gas at values of V, less than V;. Adding this to the 
current corresponding to point 2 gives the current which would have 
been observed with V, equal to 11 volts, had there been no reverse current 
due to electrons. This ordinate at point 3 corresponds to electrons which 
entered B with velocity 36 volts, and whose velocity fell by 0.4 of 11 volts, 
or by 4.4 volts within B. Thus the ordinate is the value of f(V.) for some 
value of V, between 36 and 31.6 volts. Thus the limits within which 
the value of f(V..) must lie have been much narrowed down; it must lie be- 
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tween points 3 and 4. A consideration of all the factors involved led to 
the choice of point 5 as the most probable point, and it is certain that 
this value of V, and f(V.) cannot be in error by more than a few percent. 
In this way, the values of f(V.) were found and plotted as curve A, which 
lies between the experimentally fixed limits shown by curves e and f. 

Of the two methods, the second is the more reliable in that it does not 
depend on any assumption regarding the distribution of potential within 
B. The agreement between the two methods is indicated by the way in 
which the crosses are distributed with respect to the experimental limits 





27.5 





Volts 
Fig. 5. Extension of Fig. 4 to 340 volts. 


shown by the shaded region between curves e and f. The agreement is 
best at the higher voltages, where the variation of f(V.) with V, is less 
rapid. Curve A has been drawn with reference to the second method at 
the lower voltages, and with reference to the first method at the higher 
voltages, where the two methods converge to give the same results. Curve 
A gives, for nitrogen, the average number of ionizing collisions which 
would be made by an electron moving with constant speed V, through 
chamber B containing the gas at 1 mm pressure. Fig. 5 shows the same 
results, continued to the higher voltage ranges. 


DISCUSSION OF RESULTS 


If the values of the ordinates of curve A are divided by the length of 
the chamber B, they give the average number N of ionizing collisions 
per electron per cm path per mm gas pressure as a function of the velocity. 
The assembled results of our experiments are shown in Fig. 6, where N 
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stands for the quantity defined just above. It is of interest to note that 
the value of NV continues to decrease with still greater electron speeds. 
For air, according to Kossel® N decreases from about 10 at 200 volts to 
3.3 at 1000 volts, 0.4 at 30,000 volts and 0.18 for 8-rays. 

The probability P of ionization at an impact may be found by dividing 
these values of N by the number of collisions per cm path made by an 





Volts 


Fig. 6. Number of positive ions formed per electron per cm path through gas at 1 mm 
pressure, as a function of the electron energy in volts. 


electron moving through the gas at 1 mm pressure. Although there is 
some uncertainty regarding the true values of this number, the experi- 
ments of Ramsauer™ and Mayer™ indicate that the ordinary kinetic 
theory value of electronic mean free path is at least approximately correct 
at speeds as large as those in which we are interested, except for argon at 
the lower speeds. We shall, therefore, assume that the electronic mean free 
path equals 4,/2 times that of the gas molecules. The values are given 


'! Ramsauer, Ann. der Phys. 64, 513 (1921); €6, 546 (1921). 
12 Mayer, Ann. der Phys. 64, 451 (1921). 
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in Table I. They are calculated from values given in “High Vacua,” by 
Dushman, except in two cases for which the data were not available there 
and were obtained from Kaye and Laby’s Tables. All are calculated for 
a temperature of 25°C. The values of the probability P are shown in 
Fig. 7. 
TABLE I 

Gas: He Ne A H2 No Hg HCl 

Ll : 0.1259 0.0787 0.0451 0.0817 0.0425 0.0149 0.0322 

1/fl: 7.95 12.80 22.18 12.24 23.52 66.70 31.05 

A comparison of our results with those of Hughes and Klein, while 
showing agreement as to general features and orders of magnitude, 
brings out discrepancies which are difficult to explain. The fact that 
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Fig. 7. Probability of ionization at an impact as a function of the electron energy in 
volts, assuming kinetic theory values of electronic mean free paths. 








their values are consistently smaller than ours may be due to the fact 
that they appear not to have taken account of the heating of the gas in 
the apparatus by the filament. We feel that their results are definitely 
too low, since they fall below the lower limit set by curves, such as curve 
e of Figs. 4 and 5, which are the direct result of measurement and depend 
on no calculations or assumptions, but only on the calibration of the gal- 
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vanometers and the McLeod gauge. Some aspects of this comparison 
are shown in Table II. This table also contains values from a recent paper 
by Jesse.* Although he does not claim much accuracy for his absolute 
values of N, his results agree more closely with ours than do those of 
Hughes and Klein. 














TABLE II 
N (max) Va(max) 
Gas (authors) (H. & K.) (Jesse) (authors) (H.& K.) (Jesse) 
He 1.65 0.881 1.61 210 150 140 
Ne 3.22 1.828 3.16 340 160 220 
A 10.33 7.65 14.5 140 80 100 
He 3.55 - ieee 145 73.5 whe. 
Ne 9.96 7.640 10.3 175 100 100 
Hg —— « wise. . paces . Peer amt 
HCl ee 8 60C fs aexe. Sas ee cen 
: fo 12.8 aa 120 
i tare |. e 80 Lie 











Mention should also be made of a recent paper by Gladys A. Anslow™ 
on “Total Ionization Produced in Air by Electrons of Various Energies,” 
in which conclusions are reached with regard to the ionization per electron 
per cm path at 1 mm pressure which differ very markedly from the con- 
clusions of the present paper, both in magnitude and in the nature of the 
dependence upon electron speed. In considering Miss Anslow’s work, it 
should be noted that the gas pressures at which her observations were 
taken were determined by extrapolation of a certain curve which was 
interpreted as giving the “critical pressure’ at which the electrons just 
failed to reach the walls of the ionization chamber before having com- 
pleted their total ionization, so that it was assumed that all electrons 
lost their ionizing energy by collisions with gas molecules before escaping 
from the chamber. This cannot have been true, however, as a simple 
calculation based on electron mean free paths shows. For all of her volt- 
ages below 1000 volts, an appreciable number of electrons would have 
traversed the ionization chamber without having collided at all; below 
300 volts the majority would have thus escaped collision, while at the 
maximum of her curve, Fig. 6, not more than one percent of the electrons 
would have collided. Thus the interpretation of the results at the lower 
voltages is incorrect and these results cannot be taken as inconsistent 
with the results of the present paper. Incidentally, we believe that the 
maximum in Miss Anslow’s Fig. 6 is due to the combination of the varia- 
tion in the number of electrons which collide and the variation of the 
probabilities of ionization at the different pressures and voltages used. 


13 W. P. Jesse, Phys. Rev. 26, 208 (August, 1925). 
14 Gladys A. Anslow, Phys. Rev. 25, 484 (1925). 
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On the basis of measurements with the ionization gauge, Dushman™ 
suggested that the ionization in different gases is proportional to the total 
number of electrons in the molecules of the gases. The present results 
do not support this suggestion as a quantitative relation. It may be, 
however, that the proposed relation is more accurate at higher voltages 
than those at which we worked—as might be expected on theoretical 
grounds and as is indicated by the early work of Kossel,’® who made the 
same suggestion on the basis of measurements at 1000 volts. 

Finally, the apparent ionization of nitrogen at about 10 volts (see Fig. 
4) raises an interesting question of interpretation. As shown in the insert, 
this is extremely weak as compared with the ionization setting in at the 
ordinary ionizing potential. Three possibilities present themselves: (1) It 
may represent a weak and hitherto undiscovered type of ionization of 
nitrogen; (2) it may be due to photo-electric effect on the collecting elec- 
trode C by radiation excited in the gas; (3) it may be due to electron 
emission from the collecting electrode C produced by contact with ‘‘ex- 
cited” or “active” molecules of nitrogen. In opposition to the second 
suggestion is the fact that in no other gas was there any detectable current 
which could be ascribed to photo-electric effect ; the scheme for eliminating 
complications from this cause seemed to be quite successful. In favor of 
the third suggestion is the fact that this observed critical potential agrees 
well with the internal energy of at least one type of active nitrogen, which 
has been placed at 9.52 volts by Saha and Sur,” as revised by Foote, 
Ruark, and Chenault.!” If this is the correct interpretation, the detection 
of the active nitrogen by an apparatus relatively insensitive to the photo- 
electric effects would be due to the greater probability of electron emis- 
sion at a collision of the second kind between an excited molecule and 
the metal than by photo-electric action of radiation. If this be true, it 
must still be remarked that the efficiency of these low voltage impacts in 
producing active nitrogen must be quite small, else Duffendack would 
have detected it in his low-voltage arcs.!® We hope later to be able to 
give a definite answer to this question. 

Note added with proof. Further consideration of the work by Hughes 
and Klein* and by Jesse" indicates that in both cases the assumed values 
of primary electron current must be in error. The former are too large, 
owing to an incorrectly assumed linear relation between current and field 
on one side of the grid. The latter are too small on account of neglect of 


'8 Dushman, “High Vacua”’; Dushman and Found, Phys. Rev. 23, 734 (1924). 
%® Saha and Sur, Phil. Mag. 48, 421 (1924). 

'7 Foote, Ruark, and Chenault, Phys. Rev. 25, 241 (1925). 

18 Duffendack, Phys. Rev. 20, 665 (1922). 
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secondary electrons which subtract from the primary electron current. 
Experiments are being undertaken to see whether these corrections are 
adequate to account for the discrepancies in the three experiments on 
this subject. It may be noted that in the present work both the ionization 
and the primary electron currents were measured directly, and that 
secondary electrons were avoided by use of the electron trap. 


PALMER PHYSICAL LABORATORY, 
PRINCETON, NEW JERSEY, 
July 16, 1925 
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POST-ARC CONDUCTIVITY AND METASTABLE HELIUM 


By Cart ECKART 


ABSTRACT 


Conductivity of helium immediately after arcing through it.—A study has 
been made of the abnormal conductivity which Kannenstine found persisted 
for .007 sec. after the arc was extinguished. The results prove that the residual 
conductivity is due to positive ions and not to metastable excited helium atoms, 
as suggested by Kannenstine. By means of adjustable commutators, the arc 
tube was connected first to a battery which caused an intense arc (period A), 
then after a brief interval (period B) to a source of voltage V. through a 
micro-ammeter (period C). As V, was increased the micro-ammeter showed 
a small negative current (positive ion) to 1.2 v., then a regularly increasing 
positive current reaching saturation at 8 v. The logarithm of the saturation 
current was a linear function of the length of period B for Ve= —15 v. and for 
V.= —26 v., the current decreasing to one tenth in from .004 to .007 sec. 
(Similar observations in mercury gave a constant of .01 to .02 sec.). Observa- 
tions with a Braun tube oscillograph gave direct additional evidence that 
after the arc ceased, the current decreased exponentially with time, independent 
of the length of the interval B. An attempt to sweep the positive ions away by 
applying a high negative voltage during B failed. Spectrographic observations 
made with a rotating slit attached to the commutator showed that no light 
was emitted during period C, even when the helium had been so carefully 
purified that the bands were distinctly visible in the spectrum of the arc. 

Life of metastable helium (states 2S and 2s).—While there is good evidence 
that metastable helium atoms persist for a longer time than ordinary excited 
atoms, the only evidence for a life of the order of 1/140 sec. rests on Kannen- 
stine’s interpretation of the persistent post-arc conductivity, and the experi- 
ments in this paper prove his interpretation to be unjustified. 


INTRODUCTION 


OME of the most interesting developments in the study of the atom, 

center about the so-called metastable states. The valence electron 
of an atom in such a state moves in an orbit whose energy is greater than 
that of the normal orbit, but a reversion from this orbit to the normal 
with the emission of radiation is forbidden by the selection principles. 
The length of time that the atorn persists in a metastable state will 
presumably be longer than for the ordinary excited state, for the ordinary 
excited state is terminated by the emission of a quantum of radiation, 
a process which is usually determined primarily by the internal mechanics 
of the atom. The energy of the metastable state, however, cannot escape 
from the atom without the co-operation of some external agent, most 
likely another atom, and a process involving two atoms is much less 
probable, other things being equal, than one involving a single atom. 
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Franck and Reiche! used this hypothesis of a long life to explain certain 
absorption phenomena observed by Paschen in helium. The hypothesis 
has since been supported by a variety of observations on helium, mercury, 
and other elements; but estimates of the actual duration of the metastable 
state are by no means consistent. Indirect evidence points to a life of 
the order of 10-* or 10- sec. for metastable helium, while an apparently 
very direct determination by Kannenstine? gave 1/140 sec. In the 
case of mercury, the lower limit is about the same, and the upper value, 
due to Marshall,® using Kannenstine’s method, is 1/22 sec. It is the 
purpose of this paper to determine whether the larger values given by 
Kannenstine’s method are reliable. 

The method employed by Kannenstine was first suggested by Franck 
and Reiche and is based on the following considerations. If helium 
is bombarded by 20 volt electrons, a large proportion of the atoms are 
thrown into the metastable state. The atoms in this state can be ionized 
by the impact of a 4 volt electron. Consequently, if the potential acceler- 
ating the bombarding electrons is suddenly reduced from 20 v. to 4 v., 
the current flowing should be abnormally high until all the excited atoms 
are ionized or disappear due to other causes. The duration of this ab- 
normal post-arc conductivity was therefore taken by Kannenstine and 
Marshall as a measure of the life of the metastable atom. 

However, under the conditions of the experiment the concentration of 
positive ions in the gas is comparable with, if not very much greater than, 
the concentration of metastable atoms. Further, the life of an ion may 
be expected to be comparable with the life of a metastable atom. It 
therefore becomes necessary to show that the abnormal currents are not 
due to ions formed during the arc period, rather than to ions formed from 
metastable atoms during the post-arc period. 


EXPERIMENTAL PROCEDURE AND RESULTS 


1. Kannenstine’s experiments were repeated, using a more sensitive 
means of measuring the post-arc conductivity. A commutator‘ was 
used which connected the arc tube to a source of 30 to 60 volts d.c. for a 
certain time interval (period A) determined by the speed of the shaft. 
This caused an intense arc. During a shorter time interval (period B) 
immediately following, the arc tube was disconnected from any source of 
current. The length of this period could be varied independently of period 


' Franck and Reiche, Zeits. f. Phys. 1, 154, 320 (1920). 

? Kannenstine, Astrophys. Jour. 59, 135 (1924). 

* Marshall, Astrophys. Jour. 60, 142 (1924). 

* I wish to thank Professor E. P. Adams for the use of this apparatus. 
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A. Then, during a third interval (period C), the arc was connected 
through a micro-ammeter to another source of voltage V.. The con- 
nections during the three periods are shown in Fig. 1. 

The micro-ammeter thus read the time average of a current which 
was zero except during period C. For some experiments, the micro- 
ammeter was replaced by a galvanometer. 

If the post-arc conductivity is due to the ionization of excited atoms, 
then for V, less than about 4 v. (the ionizing potential of the metastable 
atom) only the current due to electron emission from the cathode should 














Local Batteries. OC 


Period A Period B Pericd C 
Fic. 1. Connections during each of the three periods. 











be observed. At V,=4v., the current should begin to rise rapidly, 
possibly approaching a limit for voltages greater than 4 but less than the 
first excitation potential of normal helium. 

The actual relation between current and voltage during period C is 
shown in Fig. 2, which is typical of a large number of runs. For voltages 
less than 1 v., the current was negative, i.e., of opposite sign to any 
possible thermionic current. It may be remarked immediately that 
this current was much too large (10 to 50 micro-amp.) to be photo- 
electric in origin. The only possible explanation is that it was due either 
to a large supply of positive ions in the tube, or to reactance in the 
external circuit. As V,. was increased from 1 to 3.5 v., the current in- 
creased very rapidly. Further increase in V, produced an additional 
increase in current, but a saturation value was soon reached. The current 
then remained constant to within a few percent until the first excitation 
potential of the normal atom (20 v.) was reached. It is to be noted 
that the ratio between this saturation current and the positive ion 
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current is of the order of magnitude of / M/m where m is the mass of 
the electron and M of the positive helium ion. 

In various runs, current readings were taken at small voltage intervals 
from 1 to 8 v. The results were plotted in various ways which would 
have accentuated any change in the functional relationship between J 
and V,. The only changes observed were gradual ones, resembling those 
found in the current-voltage relationship of the Langmuir exploring 
electrode> much more nearly than those due to critical potentials. 

To make certain that no spurious reactance effects were causing these 
currents, the voltage during period A was reduced from 30 v. to 23 v.,® 
at which value the arc no longer struck. If the currents during C were 
due to capacitance, they should be reduced in approximately the ratio 
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23:30. Actually, under these conditions, only the normal thermionic 
current could be obtained. Then the arc tube was replaced by a non- 
inductive resistance, and the voltage during period A adjusted so that 
the current flowing was about the same as that flowing under the con- 
ditions of Fig. 2. The current during period C was now approximately 

’ Langmur, Gen. Elec. Rev. 26, 713 (1923); Langmuir and Mott-Smith, Gen. Elec. 
Rev. 27, 444, 538 (1924). 

* These voltages have not been corrected. They are the readings of a voltmeter which 
was continuously connected across the potentiometer (Fig. 1). As the arc was connected 


to the same terminals only during a fraction of the time, the readings are considerably 
higher than the actual voltage across the arc-tube when it was drawing current. 
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proportional to V. and independent of the speed of the commutator, 
indicating that inductance effects were negligible. 

2. In order to determine the rate of decay of this post-arc conductivity, 
period B was varied while periods A and C were kept constant. This was 
possible because the segments of the commutator that made contact 
during period A were on a separate drum from those that made contact 
during period C. These two drums could be rotated relative to each 
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Fic. 3. Variation of average current during period C with the length of period B. 
Period A=period C=.014 sec. The ordinates of the two graphs are not comparable. 
































other and then fastened to the shaft with set.screws. The angles cor- 
responding to the three periods having been determined, a measurement 
of the speed of the commutator furnished the remaining datum for 
calculating their actual lengths in seconds. 

For each length of period B, two current readings were taken, one at 
+8 v. and one at —20 to —30 v. The results of a run of this kind are 
shown in Fig. 3, where the logarithm of the current is plotted against the 
length of period B. It is very remarkable that the graphs thus obtained 
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should be linear, and even more remarkable that the points for positive 
currents should lie on a line which is almost exactly parallel to the line 
for the negative currents. This indicates that the positive currents are 
proportional to the negative currents. So simple a relation would not 
be expected if the positive currents were determined by an entirely 
different mechanism from that determining the negative. 

Not all of the runs showed this proportionality as distinctly as Fig. 3, 
but an explanation of this will be given below. However, the negative 
currents could almost always be represented by an equation of the form 

I=K (10)-*/* (1) 
where ¢ is the length of period B in seconds. For helium, all values of 5 
which were observed ranged between .004 and .007 sec. If it is assumed 
that Kannenstine’s apparatus could no longer detect the abnormal 
conductivity after it had fallen to, say, 1/20 of its original value, the 
agreement with his result of 1/140 sec. is very satisfactory. 

Some hasty experiments using mercury instead of helium showed that 
all phenomena were essentially the same and yielded values for } of .01 
to .02 sec. Marshall’s value of 1/22 sec. is again in good agreement. 

3. The foregoing experimental method has the advantage of high 
accuracy, but the disadvantage that it yields only average values of the 
post-arc conductivity. Kannenstine’s use of a Braun tube oscillograph 
enables instantaneous values of the current to be obtained. Accordingly, 
a Braun tube was introduced into the circuit so that it indicated the 
current during all three periods. The spot was given a uniform horizontal 
motion across the screen by discharging a condenser in synchronism with 
the commutator through a thermionic valve. The vertical deflection, 
proportional to current, was obtained either by magnetic or electrostatic 
deflection. In the latter case, the current was passed through a non- 
inductive resistance, shunted across the deflector plates. 

In Fig. 4 are shown tracings of photographs of the Braun tube figures. 
The regions corresponding to the three periods are marked. Conditions 
during periods A and B were not varied, but the voltage across the tube 
during period C was given the various values indicated. When V, was 
1 v., the current was too small to be indicated (instantaneous values 
probably less than 15 micro-amp.). At 1.5 v. the current was still small, 
but definitely noticeable. As V, increased from 1.5 to 3.5 v. (the region 
of rapid increase of current, Fig. 2) the type of figure did not change. 
The current rose gradually from zero to a value determined by the 
voltage, and then remained constant until the end of the period. 

At V.=4 v., the type of figure began to change. The current rose to a 
maximum and then diminished again, the shape of the curve suggesting 
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strongly that it could be represented by an equation of the form 

I= Ke-*/*(1—e-*!*), (2) 

When V, was increased beyond 8 v., the shape and size of the figure 
remained constant. 

When the currents were increased by raising the filament temperature, 

a transition stage (Fig. 5a) became clearly distinguishable. This stage 

was especially marked when the speed of the commutator was reduced, 

so that period C was long. The presumption is that stages bcd of 
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Fig. 4. Tracings of photographs of Braun tube figures. 
Period A=period C = .002 sec. 


Fig. 4 are really identical with that of Fig. 5a, but that period C ended 
before the decrease in current became apparent. Furthermore, under 
certain conditions it was impossible to pass beyond this stage even 
when V, was made as high as 10 v. The value 4 v. at which the type of 
figure begins to change in Fig. 4, has thus no significance. 

These results show beyond doubt that the post-arc currents are 
limited by more than one cause. Some indication of the probable char- 
acter of these causes may be obtained from the two experiments now to 
be described. In the first the arc tube was replaced by a non-inductive 
resistance of about 1000 ohms. A voltage was applied through the 
commutator and the current-time curve obtained with the Braun tube. 
The current rose to a constant value in what appeared to be an ex- 
ponential fashion, as was to be expected. The time required for the 
constant value to be reached was of the same order of magnitude as that 
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occupied by the convex portion of the curve during period C in Figs. 4 
and 5a. The presumption is, therefore, that the factor (1—e~‘/*) in 
Eq. (2) is introduced by the reactance of the circuit, and is not indicative 
of any change within the tube. 

In the second experiment, the arc-tube was again placed in the circuit, 
and a photograph of the Braun tube figure taken under the conditions 
of Fig. 4,(h). Period B was then lengthened considerably, nothing else 
being changed, and the resulting figure superposed on the previous 
exposure. A tracing’ of the plate obtained in this way is shown in Fig. 5b. 
This result must be interpreted to mean that the convex portions of the 
curves in Figs. 4and 5a are determined by phenomena inside the tube, 
and that these phenomena are independent of the amount of electricity which 
has passed through the tube. In other words, the value of the factor 

















Fig. 5a. Braun tube figure showing transition stage with higher current. 
Fig. 5b. Braun tube figures for V.=8 and for two lengths of period B. 


Ke-‘’* in Eq. (2) is determined entirely by conditions inside the tube 
at the end of period A, and not at all by the length of period B. In the 
method of section 2, this factor is obviously the one which will affect 
the micro-ammeter reading most strongly. The linearity of the upper 
graph of Fig. 3 is thus explained, if we assume that the readings were 
taken under the conditions of Fig. 4 (h). The fact that these graphs were 
not always linear is explained by Fig. 5a. If the readings for Fig. 3 had 
been taken under these conditions, no straight line would have been 
obtained. 

No satisfactory explanation has been obtained for the horizontal 
portion of Fig. 5a, though an interesting hypothesis has suggested itself, 
which is reserved for further experimental consideration. For the 
present, it will merely be remarked that Kannenstine and Marshall 
apparently performed all their work under the conditions of this figure. 

Returning to the discussion of Fig. 5b, it must be interpreted to mean 
that nothing inside the tube is used up by the passage of current during 


7 On the original plate, the lines were very much less definite than in the tracing. 
There is no doubt, however, that the relation is essentially as drawn in Fig. 5b. 
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period C. This is not what would be expected if the abnormal conductiv- 
ity were due to the ionization of metastable atoms. If the large currents 
are due to the neutralization of negative space charge by positive ions 
already present, however, this result is quite explicable, for the velocity 
of the positive ions under such low fields would be very small, and only 
a very small portion of the total current would be carried by them. 
Furthermore, there is good experimental evidence that positive ions 
disappear by recombination with electrons at the walls of the tube and 
relatively only slowly by recombination in the body of the gas. 

Some portions of the theory outlined in this section are possibly more 
detailed than is justified by the amount of experimental evidence pres- 
ented and should be considered as merely provisional. It has been shown, 
however, that the hypothesis that persisting positive ions are the cause 
of the abnormal post-arc conductivity is better capable of explaining some 
of the phenomena than is the metastable helium hypothesis of Kannen- 
stine. 

4. Several crucial experiments are suggested by the above theory. 
If the current during period C is determined by positive ions which are 
in the tube during the entire period B, it is to be expected that the 
application of a high negative voltage across the electrodes during 
period B would sweep them out of the tube, and thus materially alter 
the conductivity during C. Accordingly, a commutator was constructed 
by means of which it was possible to perform this experiment. The two 
drums which determined periods A and C each had four contacts. 
A third drum had only two, shorter contacts. This drum was oriented 
so. that it made contact with its brushes during alternate intervals 
between A and C. In this way it was possible to obtain simultaneously 
on the Braun tube screen the figures corresponding to two different 
sequences of periods: ABC and AB’C. ABC was the sequence previously 
used (see Fig. 2); AB’C was the same except that during B’ the arc-tube 
was connected to a third source of voltage. 

With this apparatus, the experiment of Fig. 5b could be repeated with 
great ease by merely making the voltage during B’ the same as that 
during C. The comparison of ABC with AB’C was visual and instan- 
taneous. No double photographic exposure was necessary. 

When the voltage during B’ was made negative, however, it was found 
that this had little or no effect on the current during C. This was the 
case, even when a negative voltage of —135 was applied. This result 
is somewhat disconcerting, but may probably be explained by the short- 
ness of the interval during which the negative voltage could be applied. 
It is also possible that the potential gradient set up inside the tube was 
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not as great as would be indicated by the applied voltage. This would be 
the case if a positive ion sheath were formed over the anode, which 
Langmuir® has shown to be the case when an electrode at a very negative 
voltage is introduced into a region of intense ionization. 

5. A further possibility of distinguishing between the two hypotheses 
is to be found in the mechanism of the disappearance of positive ions 
discussed above. If the currents during C are due to the persistence of 
actual ions, no spectral emission will be expected during this period, even 
though the current flowing is quite large, but if ionization of excited 
atoms is the cause of the conductivity, then the spectral emission during 
C should be comparable to that during A, since the currents flowing are 


comparable. 
. QO 
- A Bec me 


Fig. 6. Diagram showing relative position of perforations in disk and of 
the commutator segments. 


In order to compare the intensity of the spectrum during the two 
periods, a perforated disk was mounted on the same shaft as the com- 
mutator. This is shown diagrammatically in Fig. 6. The disk contained 
two sets of perforations, and an image of the arc was thrown on it by a 
large RR objective in such a way that one portion of the image was 
exposed by one set of perforations during period A, while a symmetrical 
portion was exposed by the other set during period C. The electrical 
circuits and the speed of the commutator were then adjusted so that 
the current during period C was one quarter to one third that during A. 
Observation showed an intense visible discharge during A but no trace 
of spectrum during C. 

A comparison of the spectral intensities was made with a small Hilger 
spectrograph. The stronger helium lines were visible on the portion of 
the plate exposed during period A when the exposure time was three 
minutes. They were not visible on that part exposed during omen ad 
even when the exposure time was increased to 20 minutes.* 


§ It should be noted that these experiments do not indicate that the spectrum 
disappears instantaneously when the voltage is removed, but merely that it does not 
persist as long as the post-arc conductivity. What bearing this result has on the work 
of Webb and (Miss) Mayner (Phys. Rev. 23, 294, 1924; 26, 364, 1925) is not obvious. 
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6. The helium band spectrum is an excellent indicator of the con- 
centration of metastable atoms built up during the discharge. Con- 
sequently, if the post-arc currents are due to metastable atoms, their 
intensity should vary with the intensity of the band spectrum. 

All of the experiments so far described were performed with helium 
which would ordinarily be called pure, but this helium showed no trace 
of the band spectrum when the discharge was passed through it at the 
pressure (3 mm) used. The helium was now treated by a method used 
by Paschen® to remove sub-spectroscopic traces of impurity. A small 
amount of electrolytic oxygen was admitted into the arc tube containing 
the helium, and the arc discharge was then allowed to run until the 
oxygen spectrum was no longer visible. After two such treatments the 
band spectrum appeared with considerable intensity. The lines were 
identified with a Hilger direct reading spectrometer. The characteristic 
yellow band, shading off toward the violet, was distinctly visible. While 
the helium was in this state of purity a number of the previous ex- 
periments were repeated, but no differences in the results could be 
detected with certainty. In particular, no spectrum was observed during 
period C under these conditions. 


CONCLUSIONS 


1. The only experimental evidence in favor of a very long life (10 
to 10-? sec.) of metastable atoms rests on the assumption that the 
abnormally high conductivity of helium immediately after a discharge 
has passed through it is due to the presence of metastable atoms. 

2. It is shown that the evidence is not in favor of this assumption, but 
that the abnormal conductivity is due to the persistence of actual 
positive ions, and accompanying electrons. 

3. That the metastable states (2.5 and 2s) in helium have a longer life 
than other excited states is not questioned by this work but that their 
life is as long as has been stated by Kannestine (1/49 sec.) is shown to 
be untrue. 

I wish to thank Professor K. T. Compton for his constant and helpful 
interest in this work, and the Board of Directors of the Edison Lamp 
Works for their generous support of a fellowship which made the prose- 
cution of this research possible. 


PALMER PHYSICAL LABORATORY, 
PRINCETON, NEW JERSEY, 
May 4, 1925 


* Paschen, Ann. der Phys. 45, 625 (1914). bd 
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THE MOBILITY OF ARGON AND HYDROGEN IONS IN AIR 


By Henry A, ERIKSON 


ABSTRACT 


The apparatus and method are the same as previously used to measure the 
mobilities of air, COz and other ions in air, the freshly formed ions being driven 
across a stream of air by means of an electric field. Two positive ions and one 
negative ion were found in both argon and hydrogen as in the case of air. The 
initial positive hydrogen ion was found to transform into the second, and this 
is doubtless also true in the case of argon, though it was not proved. The 
mobilities are also the same as obtained for the air ions except in the case of the 
negative hydrogen ion which has a higher mobility than the negative air ion. 
It is thus found that the following monomolecular ions all have the same 
mobility in air at normal pressure: monatomic A, initial + and —; diatomic 
air, initial + and —; diatomic Ha, initial +; triatomic COs, initial + and —. 
Thus the mobility of these ions seems to be independent of the masses. The 
only exception so far found is the negative H; ion. 


N earlier articles' are given the results obtained from measurements of 
the mobility of ions of air, CO. and actinium active deposit in air. In 


the case of air and CO; ions it was found that the negative ions have the 
same mobility in air and that in each case there is an initial positive ion 
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Fig. 1. Diagram of apparatus. 














and a final positive ion, the former transforming into the second. In the 
case of actinium active deposit, two positive ions were found, one having 
a mobility of the order of that of the final positive air and CO, ions and 
the other a mobility of a higher order. 

In this article will be given the results of similar measurements in the 
case of argon and hydrogen ions. 


! Erikson, Phys. Rev. 20, 117 (1922); 24, 502 and 622 (1924); 
Wahlin, Phys. Rev. 20, 267 (1922). 
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The method used is essentially the same as in the earlier work. The 
argon or hydrogen was passed from the containers through the tube OE 
(Fig. 1) where the ions were produced by means of the a-rays from 
polonium. The rubber balloon at O served to indicate when the rate of 
flow was normal. The ions were carried with the stream and at E were 
drawn out of the argon and hydrogen gas by the electric field between 
A and B and passed through the air to the plate B where the current at 
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Fig. 2. Results for argon ions. Curve A for negative ion; Curve B for positive ion. 
Curve C is comparison curve for positive air ions, 
F was measured for different potentials between the plates A and B. The 
velocity of the gases produced by the fan H, was of the order of 1500 
cm/sec. 
RESULTS IN THE CASE OF ARGON 


The argon was supplied by the National Lamp Works of the General 
Electric Company, Cleveland, Ohio. The purity is given by the following 
analysis: argon 99 percent, nitrogen 0.9 percent, oxygen 0.1 percent. Curve 
A, Fig. 2, is for the negative argon ion and curve B is for the positive argon 
ion. Curve C is for the positive air ions and was obtained under similar 
conditions and is inserted for purposes of comparison. Maximum D is 
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for the initial air ion and maximum E is for the final air ion. As the ion - 
mobility determines the position of the maximum, it is seen that the 
negative argon ion has the same mobility in air as the initial positive air 
ion and, therefore, the same as the negative air ion. It is also seen that 
there is a positive argon ion which corresponds to the initial positive air 
ion; also, that there is a positive argon ion which corresponds to the final 
positive air ion. On account of the limited supply of argon, it was not 
possible to repeat the measurement using younger or older argon ions 
and thus show that the first transforms into the second. That the first 
transforms in time to the second is, however, quite certain. 

Since argon is a monatomic gas, these results show that an ion one 
atom large moves through air with the same mobility as the negative and 
initial positive air ions which are each one diatomic molecule large and 
also with the same mobility as the negative and initial positive CO: ions 
which are each one triatomic molecule large. This is, therefore, additional 
evidence that all one molecule ions having equal charges have equal 
mobilities in air. The final argon ion is formed when the initial positive 
argon ion attaches itself to a neutral argon or air molecule. 


RESULTS IN THE CASE OF HYDROGEN 


The hydrogen used was electrolytic hydrogen for which the Commercial 
Gas Company reported a purity of 99.9 with a trace of CO», water vapor 
’ and oxygen. The gas passed from a commercial supply cylinder through 
the tube OF, Fig. 1, where it was ionized by means of the a-rays from 
polon‘um, and the current-voltage curve at F, Fig. 1, was obtained just 
as in the case of argon. The results obtained in the case of hydrogen are 
shown graphically in Fig. 3. Curves A and B were obtained with the 
polonium at E, Fig. 1. A is for the negative ions and B for the positive 
ions. For curves C and D the polonium was at J, for curves E and F 
at K, for curves G, H, at D, and for curves I, J at O. 

The upper curves correspond to the same positions as the curves imme- 
diately below, but are for ions produced in air instead of hydrogen; 
otherwise, the conditions were identical. It is seen that also in the case 
of hydrogen there is an initial positive ion and that it transforms into a 
final ion. It is evident from the curves that the transition is more slow 
in the case of the hydrogen ion than in the case of the positive air ion. It 
is also seen that the mobility of the initial and final positive hydrogen 
ions in air are the same as the mobilities in air of the initial and final 
positive air ions and of the negative air ion. 

It is further seen that only one negative ion is formed in hydrogen, the 
same as in air. A marked difference, however, comes into evidence here, 
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‘in that the mobility of the negative hydrogen ion is higher than that of the 
initial positive hydrogen ion and the initial positive and negative air ions. 
The writer is unable to account for this difference. The negative ion, 
according to the author’s view, is a hydrogen molecule which has gained 
an electron just as the initial positive hydrogen ion is the hydrogen mole- 
cule which lost an electron in the ionizing process. That the negative 
ion should move more rapidly in air than the initial positive hydrogen 


VOLTS x 1o-* 
Fig. 3. Curves for hydrogen ions (below) and corresponding curves for air ions (above). 


ions or the initial positive and negative air ions which are also each one 
molecule large is not, it would seem, to be expected, and is the first excep- 
tion encountered by the writer to the view that all one molecule ions 
equally charged have the same mobility in air. 

The author wishes to thank the Executive Committee of the Graduate 
School of the University of Minnesota for its financial aid in this research. 


PHYSICAL LABORATORY, 
UNIVERSITY OF MINNESOTA. 
March 1, 1925 
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EMISSION AND ABSORPTION BANDS OF CARBON 
DIOXIDE IN THE INFRARED 


JoserH W. ELLIs 


ABSTRACT 


The absorption spectrum produced by a 12 cm cell of CO» gas, and the 
Bunsen flame emission spectrum, to 3u were recorded by means of a new self- 
registering infrared quartz prism spectrograph of an auto-collimation type. 
A new weak absorption band was found at 2.024 which forms a linear, though not 
a harmonic, frequency series with known bands at 2.73u and 4.25y. This was 
identified with a 1.994 flame emission band, which had been assigned by 
Paschen to water vapor. The 2.7% emission region was widely resolved into 
two components of practically equal intensities, with maxima at 2.584 and 
2.76%, corresponding to maxima identified by Paschen with water vapor and 
CO:, respectively. When the quartz prisms were replaced by a similar rock 
salt pair the 4.4u emission occurred as a nearly symmetrical band, although 
Barker’s measurements with high dispersion showed it to be double. Calcula- 
tions of the Bunsen flame temperature from his observed separations gave 
2000° K, in rough agreement with previous pyrometer determinations. 


HREE regions of selective absorption due to carbon dioxide, with 

wave-length values for the maxima at approximately 14.7, 4.25 and 
2.74, have been observed by numerous investigators.' Corresponding 
bands of emission have been found in the spectrum of the Bunsen flame 
by these and other investigators, and have been attributed universally 
to CO,. Bjerrum* has predicted three characteristic vibrational fre- 
quencies in the near infrared for carbon dioxide on the basis of a triangular 
molecule. His attempt to identify the three bands mentioned above as 
these predicted frequencies met with some success in that the molecular 
heats at various temperatures calculated on the basis of these three 
vibrations check fairly well with observed values. 

Whenever the dispersion was great enough, each of the carbon dioxide 
absorption bands appeared double, resembling in this respect the infrared 
absorption bands characteristic of diatomic gases. From its unusual 
behavior toward changes of temperature and pressure, Fr. Von Bahr! 
concluded that the double band at 2.74 did not constitute a regular 
infrared doublet. Her conclusion has recently been verified by Barker,’ 


! Paschen, Ann. der Phys. und Chem. 50, 409 (1893); Trowbridge and Wood, Phil. 
Mag. 20, 898 (1910); Burmeister, Deutsch. Phys. Ges. 15, 589 (1913); Eva von 
Bahr, Deutsch. Phys. Ges. 15, 710 and 1150 (1913); Barker, Astrophys. J. 55, 391 
(1922). 

? Bjerrum, Deutsch. Phys. Ges. 16, 737 (1914). 
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who has shown with the use of especially ruled echelette gratings that 
both of the bands in this region are doublets with approximately equal 
frequency separations. Barker attempts to explain these two bands on a 
quantum theory basis, suggesting that each represents a fundamental of 
the same vibration, being caused by vibrational changes from state 0 to 
state 1, and from state 1 to state 2, respectively. He makes no attempt, 
however, to connect these with the bands at 4.25 and 14.7. 
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Fig. 1. Curves 1 and 3 show the distribution of energy from a tungsten lamp and the 
atmospheric absorption bands. Curves 2 and 4 show a deepening of the COz bands upon 
introduction of a 12 cm cell. 


The writer has recently put a new self-registering infrared prism 
spectrograph (to be described elsewhere) to the task of searching for 
possible new absorption bands due to CO:. That such a band was found 
at 2.024 is due to the accuracy with which the instrument registers 
details. 

The dispersing system of the recording spectrograph was of an auto- 
collimation type with a parabolic mirror of 3 cm aperture and 30.5 cm 
focal length and two prisms of quartz, with refracting angles of 30° and 
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60°, respectively. The prisms were fixed, but the spectrum to 3u was 
caused to pass over the thermojunctions by a plane front surface mirror, 
the rotation of which was co-ordinated with the movement of the photo- 
graphic plate upon which the energy distribution curves were traced. 

Curves 1 and 3 of Fig. 1 show the distribution of energy from a tungsten 
lamp as produced by this spectrograph. In addition to the atmospheric 
water vapor absorption bands at 1.4, 1.87, and 2.66u, and the COz band 
at 2.73y° slight indication of another band at 2.024 appears. When a 
12 cm cell of cold CO: gas was placed before the initial slit of the spectro- 
scope this latter band was unmistakably deepened as shown in curves 
2 and 4. The carbon dioxide gas, generated in a Kipp generator by 
running dilute hydrochloric acid over calcium carbonate, was allowed 
to pass continually through the absorption cell during the production of 
a record. That the two CaCl, drying tubes were effective in removing all 
water vapor, thus eliminating the possibility of attributing this 2.02u 
band to that gas, is shown by the fact that the water vapor bands, cited 
above, were not deepened. Absorption at 2.734 was, however, greatly 
increased. 

The regular gradation of intensities for the 4.25, 2.73, and 2.02u absorp- 
tion bands suggests a three member series. The frequency differences 
between these bands are essentially the same (see Table I), but the usual 
harmonic relationships‘ existing among infrared vibrational bands are 
lacking. Because of its intensity and its wave-length values, the 14.7y 
absorption maximum does not seem to belong to this group of bands. 


TABLE I 


Series of carbon dioxide absorption bands 


r vyX10™ Diff. 

4.25u 706 
393 

2.73 1099 
386 

2.02 1485 


In the emission spectrum of the Bunsen flame we should expect to 
find a maximum corresponding to this 2.024 absorption band. Fig. 2 


3 Hettner’s value Zeits. f. Phys. 1,351, (1920) for the 2.664 water vapor band and 
Barker's value for the 2.734 CO, band were used as calibration points in this region. 

4 Coblentz, Publication of the Carnegie Institution, 35, (1905); Mandersloot, Dis- 
sertation, Amsterdam (1914); Brinsmade and Kemble, Proc. Nat. Acad. 3, 420 (1917); 
Hettner, loc. cit.*; Kratzer, Zeits. f. Phys. 3, 460 (1920); Schaefer and Thomas, Zeits. 
f. Phys. 12, 330 (1924); Ellis, J. Opt. Soc. Amer. and R.S.I., 8, 1 (1924). 
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shows three independent records of the Bunsen flame emission. The 
band at 1.99u is doubtless this maximum. Table II shows the co-ordina- 
tion of the emission bands with their corresponding absorption bands. 


TABLE II 
Emission bands in spectrum of Bunsen flame 
Emission Absorption Substance Water absorption 

1.40u 1.40u water vapor 1.48u 

1.79 1.87 ss - 1.98 

2.58 2.66 " . 2.98 

1.99 2.02 CO, 

2.76 2.%3 CO, 


Using fluorite prisms, Paschen® observed three regions of characteristic 
emission from the Bunsen flame, and gives the following values for their 
maxima: 1.38, 1.83, and 2.774. Later, he studied these with various 
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Fig. 2. Emission spectrum of the Bunsen flame obtained with quartz prisms. The slope 
of the records was produced by the galvanometer zero shift. 


types of gratings and found them resolved into components as follows: 
1.35 and 1.42u; 1.803, 1.86, and 1.966; 2.51, 2.70, and 2.844. He found 
these to be characterized by “Knicken” and “Ecken,” and suggested 
a possible line structure in the bands. He attributed all of the maxima, 
with the exception of the 2.70u band, to water vapor, since they also 
occurred in the oxy-hydrogen flame. The 2.70u band was identified with 
CO: gas, which also occurred with diminished intensity in the oxy- 
hydrogen flame. 


5 Paschen, Ann. der Phys. und Chem. 52, 209 (1894). 
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The emission bands of the present investigation agree, in general, with 
those observed by Paschen, except that no maximum was observed 
corresponding to his 2.844 value, and the 1.99 peak is identified with 
COs instead of with water vapor. 

Fig. 3 shows the Bunsen flame emission spectrum as obtained when 
two rock salt prisms were used in place of the quartz pair. Since the 
dispersion of rock salt in the region of 2.74 is only one tenth of that of 
quartz, the 2.584 water vapor band and the 2.76u carbon dioxide band 
appear as a single unresolved maximum. It may be pointed out that 
when reference is made to the 2.74 emission band of the Bunsen flame 
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Fig. 3. Emission spectrum of the Bunsen flame obtained with rock salt prisms. 


it is almost always attributed to carbon dioxide alone, whereas Fig. 2 
shows that water vapor and carbon dioxide contribute almost equally 
to this emission. Fig. 3 shows the bands of shorter wave-lengths un- 
resolved with a maximum at about 1.9y. 

The 4.4y region of emission occurs as a band of considerable symmetry 
although it is possible that absorption due to a protective varnish on the 
prism faces may have modified the curve to some extent. This varnish 
was the solution of pyroxylin in amyl acetate used by Adam Hilger, Ltd. 
Although the energy distribution curve is only slightly modified when 
the light passes through two layers of this varnish, deep absorption bands 
at 3.44 and 6.7y, characteristic of practically all organic materials,® 
do occur when the light traverses eight layers, as it does in this case. 


* Coblentz, loc. cit.‘ 


; 
- 
t 
' 
: 
' 
; 
j 
' 





i 
t 
{ 
| 
ul 








474 JOSEPH W. ELLIS 


The latter band appears in Fig. 3 as a broad minimum of transmission in 
the continuous black body radiation’ of the flame. 

Barker’ has shown by taking account of the reversal due to absorption, 
that the 4.4u emission band is double with maxima at 4.225 and 4.38u. 
He also found the corresponding absorption band double with maxima 
at 4.22u and 4.28u. These two doublet separations are consistent with 
the formula® 


V T-\,A2/(A1—A2) =a constant 
which connects such separations (A,—A:2) with the absolute temperature 
T, on the assumption that the temperature of the Bunsen flame is about 
2000°K. Féry® has determined this temperature with an optical pyro- 
meter and found it to be 2144°K, while Schmidt’s!® determination was 
somewhat lower, 1913°K. 

If the primary separation of the double doublet found by Barker! at 
2.7 were a regular infrared doublet of the Bjerrum type, the correspond- 
ing emission doublet, calculated from the above equation, would have a 
wave-length separation equal to the total spacing between the 2.58u 
water vapor and the 2.76u carbon dioxide bands. 


DEPARTMENT OF PHYSICS, 
UNIVERSITY OF CALIFORNIA, SOUTHERN BRANCH 
June 20, 1925 


7 Paschen, Ann. der Phys. und Chem. 50, 1 (1894). 
* Eva von Bahr, Phil. Mag. 28, 71 (1914). 

* Féry, Jour. de Phys. 4, 6 (1907). 

1° Schmidt, Ann. der Phys. 29, (1909). 
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THE EFFECT OF LIGHT ON THE THERMAL 
CONDUCTIVITY OF SELENIUM 


By R. E. MARTIN 


ABSTRACT 


Both thermal and electrical conductivities were measured for the same thin 
strip of Se, in order to compare the effect of illumination on both. The cells were 
made by winding a double spiral of Pt or Ni wire on a mica form, then pressing 
melted Se into a thin layer over and between them by means of another sheet 
of mica. The thermal effect was measured by heating one winding CD by an 
electric current and using the other AB as a resistance thermometer. The Se 
was rendered light sensitive by suitable heat treatment and the cell was placed 
in a well insulated box kept at 0° C. Correcting for the heating effect of the 
light, the rate of rise of temperature of AB was 15 to 30 percent greater with 
the illumination than without, the percentage change for each cell being about 
half that observed for the electrical conductivity of the same cell for the same 
illumination. A cell which was not sensitive electrically was also not sensitive 
thermally. By using various color screens it was found that as in the case of 
the electrical sensitivity, the red end of the spectrum is more effective than 
the shorter wave-lengths. Sieg failed to find this effect and explained his 
negative result as due to the absence of an electric field, but an electric field 
applied by means of the winding AB was found to have no effect on the thermal 
conductivity. These results furnish additional evidence that thermal and 
electrical conductivities in metals both depend, at least to a considerable 
extent, upon the same factors. 


INTRODUCTION 


WO theories based on the electron theory of matter, have been pro- 
posed to account for the sensitiveness of the electrical resistance of 
metallic selenium to illumination, Marc! and others have obtained 
evidence that there exists two (possibly more) forms of metallic selenium 
of widely different electrical resistivity. It was assumed that illumination 
brings about a transformation from the less to the more conducting of 
the two. This theory has been amplified and put into mathematical form 
by Brown? who assumes the existence of three forms, selenium A, B, and 
C. The second theory, which is quite in harmony with the first, was intro- 
duced by Pfund.* This theory assumes that the effect is due to a resonance 
of the electrons in the atom, occasioning explosions which lead to an in- 
crease in the number of conducting electrons. This view has found favor 
with several experimenters, particularly with Ries‘ by whom a great 
1 Marc, Monograph on the Physical-Chemical Properties of Selenium (1907) 
Leopold Voss, Hamburg. 
? Brown, Phys. Rev. 32, 237 and 252 (1911). 


3 Pfund, Phys. Rev. 28, 324 (1909). 
* Ries, Monograph on the Electrical Properties of Selenium (1908), Nicholas, Berlin. 











| 


Aap enol 





a eS ae Sa 





476 R. E. MARTIN 


amount of valuable work has been done. The theory deserves attention 
for various reasons. First, the ultimate explanation found must be in 
terms of the electron theory if that theory is to remain a permanent part 
of our physical science. Second, the idea of resonance appears plausible. 

Now on the basis of the electron theory Lorentz, Bohr,® Richardson,’ 
and others have attempted to explain the fact that good conductors of 
electricity are also good conductors of heat. The law of Wiedmann and 
Franz,* which was discovered experimentally, states that the ratio of 
the thermal to the electrical conductivity has the same value at the same 
temperature for all good conductors. Lorenz® later discovered that for 
different temperatures the ratio of the thermal and electrical conductivity 
is proportional to the absolute temperature. For poor conductors this 
relation is not constant, but even for such substances, if the conductivity 
is even partially electronic, then any agency that changes the number of 
free electrons in the substance should change both the thermal and the 
electric conduction. 

While the change in the electrical conductivity of selenium under the 
influence of light has been established beyond question, the effect of light 
on the thermal conductivity has not been disposed of so satisfactorily. 
Bellati and Lussana!® obtained results which they interpreted to show 
that the thermal conductivity varied under the influence of light at 
about the same rate as the electrical conductivity. Sieg" found that 
there was no measurable change in the thermal conductivity of selenium 
when illuminated. Later, Nannei!® used the method of Bellati and Lus- 
sana, that of Sieg and also one of her own. She found that the effect was 
less than that on the electrical conductivity but was always present and 
that it increased with a decrease of temperature. Now it seemed to the 
writer that in all of these experiments the amount of selenium'which was 
exposed to the light was a very small part of the selenium actually con- 
ducting heat. Particularly is this so if the effect isa surface phenomenon. 
With this idea in mind a plan was sought which would subject the same 
amount of illuminated selenium to heat conduction as to electrical 
conduction. 


> Lorentz, Theory of Electrons, 67 and 266 (1909), Teubner, Leipzig. 

* Bohr, Studier over Metallernes Elektrontheori, Copenhagen (1911). 

7 Richardson, Phil. Mag. 23, 594 (1912). 

* Wiedemann and Franz, Ann. de Chimie 12, 107 (1854). 

® Lorenz, Ann. der Phys. 147, 429 (1872). 

10 Bellatiand Lussana, Gazz. Chim. Ital. 17, 39 (1887); Atti. R. ist Ven. 6, 19 (1887) ; 
and Beibl. zu d. Ann. 11, 818 (1887). 

1 Sieg, Phys. Rev. 6, 213 (1915). 

12 Nannei, N. Cimento 20, 185 (Nov.-Dec. 1920). 
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CONSTRUCTION OF CELLS 

The cells used were constructed in various ways which suggested 
themselves as the work progressed, but the winding of the wires which 
formed the electrodes was practically the same for all. 

In Fig. 1, AB is a continuous wire wound around the insulator WW 
with a spacing giving about four turns to the centimeter. CD is another 
continuous wire wound around the same insulator, the turns being equally 
spaced between those of AB and thus insulated from AB. A layer of 
crystalline selenium was then formed over the wires and insulator. The 
wires used on three of the cells were of platinum, while on all of the 
rest they were of nickel. The latter was used because nickel has the 
higher temperature coefficient of resistance, it appears to oxidize less 


‘ 














































































































Fig. 1. Diagram showing windings of sensitive cells. 


readily than platinum, and it is less expensive. Dieterich" found that 
it was just as satisfactory for winding cells as was platinum. The insu- 
lators used were usually of mica, but soapstone and glass was also used 
for some. 

A strip of mica 10 cm long, 1.5 cm wide and .05 cm thick was placed 
between the two halves of a hardwood cylinder which had previously 
been turned down to the proper size and then cut lengthwise into halves. 
About eight threads to the centimeter were cut on the cylinder and 
mica and the halves of the cylinder were then separated from the mica 
and the windings put on the mica form. Finely pulverized amorphous 
selenium was then poured onto the prepared mica form which was then 
placed on a metal plate over a Bunsen flame. After the selenium had 
melted, a second strip of mica was placed on top of the selenium and the 
two strips of mica were pressed firmly together. This forced the selenium 
to spread out into a very thin layer. This pressure was maintained while 
the cell was cooled rapidly. The cell was then put into an electric furnace 
whose temperature was 210°C and kept there for thirty minutes, after 
which the temperature of the furnace was slowly lowered to 180°C. The 
cell was kept at 180°C for ten hours and then placed immediately in a 


13 Dieterich, Phys. Rev. 4, 467 (1914). 
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glass container which had been previously dried and which was air tight. 
This container was placed in a light tight box and kept there for forty- 
eight hours before testing. All of the cells made in this manner were found 
to be light sensitive electrically. 


METHOD OF MEASURING VARIATION IN THERMAL CONDUCTIVITY 


The arrangement of the apparatus for measuring the variation in both 
the electrical and thermal conductivity is shown in Fig. 2. The D’Arson- 
val galvanometer G, whose figure of merit was of the order of 10-8, 
was mounted on a solid stone column which rested on the concrete floor 
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Fig. 2. Diagram of electrical connections. 


of the basement room in which the experiment was conducted. The gal- 
vanometer shunt Ry was used during preliminary work only, and no 
observations were taken when the galvanometer was shunted. R;, Re, 
and R; form three of the arms of a Wheatstone bridge of which the 
winding AB forms the fourth arm. K, and K;: are contact switches whose 
normal position is open. MA isa milli-ammeter graduated to read directly 
to 5 milli-amperes. R,, Rs, Re, R;, and Rs are variable resistances. S;, Se 
and S, are double-pole single-throw switches, while S; is a double-pole 
double-throw switch. The battery thrown in by switch S; is a 6-volt 
storage battery; E2 is a 2-volt storage battery; E; is a dry cell, and the 
voltage applied by closing S, is that of a 110 d.c. circuit. A is an am- 
meter and L an incandescent lamp. BB isa light tight box. The cell was 
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placed in a specially designed calorimeter and kept at ice temperature. 
The details of the arrangement of the cell, calorimeter, and light tight 
box are shown in Fig. 3. 

The walls WW of the chamber fitted snugly 
on top of the calorimeter below, which was a 
double walled vessel made of copper, with ice 
II packed ‘between the walls and with hair- 
felt HH about 5 cm thick surrounding it. The 
calorimeter, together with its wrappings, was 
placed in a suitable wooden box. By this 
arrangement a constant temperature was 
maintained for as much as twelve hours with- 
out disturbing the parts to repack with ice. 
The light was placed at Z and the selenium cell 
to be tested at SS. Light tight boxes 6 cm by 
10 cm and of various lengths, varying from 
30 to 100 cm were used. 
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The plan followed was to measure the re- yy b 
sistance of AB after the cell had stood for Z Y 
several hours at the temperature of melting Y RN y 
ice. Then a known current was sent through Z N « Z 

Z 
Uy 


CD and the rate of rise in temperature of A.B VY 
determined by observing the rate of increase 

of its resistance. This was then repeated with Fig. 3. Insulated box in 
the cell exposed to the light. If illumination Which cell SS was placed. 
increases the thermal conductivity of the 

selenium then the resistance should increase faster when the cell was 
exposed to the light. A correction was made for the heat delivered to 
AB by the light rays from L. 

The ratio in the bridge was kept at 1000 to 1 and the smallest adjust- 
ment in the bridge arm was 1 ohm, so a change of resistance of .001 ohm 
could be measured directly. The bridge was balanced carefully by adjust- 
ing the bridge arm until the addition of 1 ohm would cause a reversal in 
the deflection of the galvanometer. An additional ohm was then added 
to the bridge arm, and a stop clock was started at the same instant that 
S2 was closed. The keys Ky and K, were then tapped momentarily at 
short intervals and the instant noted when the bridge was again balanced. 
Another ohm of resistance was then added to the bridge arm and again 
the keys were tapped at short intervals and the time when the bridge was 
again balanced noted. This process was continued as long as the resistance 
of the wire AB showed an appreciable increase. Similar observations 
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were made using the same heating current, but with the cell illuminated 
by L. 

After the cell had again come to thermal equilibrium with its surround- 
ings, with no heating current through CD, the light from L was allowed 
to fall on AB and the rate at which its resistance increased was deter- 
mined. From these data the rate of increase of the resistance due to the 
change in conductivity of the selenium was determined. 

The method here employed for determining the change in resistance of 
AB, while not as accurate, as far as the numerical value of the resistance 
itself is concerned, as the fall of potential method or some of the other 
methods of measuring a low resistance, will detect, it is believed, a change 
in resistance more precisely in point of time than would any of the other 
methods. The initial resistance of the electrode AB must be the same 
in each case and its surroundings must be in thermal equilibrium with it. 
For this reason the cell was kept in an ice chamber during the course of a 
set of observations and sufficient time was allowed between readings for 
thermal equilibrium to be established. Also, Kz must not be depressed for 
any considerable length of time or the heat generated in AB by the current 
from Ks; will be sufficient to obscure the effects produced by the heat 
conducted through the selenium from CD to AB. The function of Rs 
(not shown in Fig. 3) is to keep this current very small at all times, but 
even then care must be exercised or its effects will be disturbing. 


ELECTRICAL CHARACTERISTICS OF THE CELLS USED 


All of the cells, except D, used in this set of experiments were high 
resistance, positive, light-sensitive cells. This method can only be 
employed with cells of high resistance between electrodes AB and CD, 
for if the resistance by this path is not extremely large compared with the 
resistance of the wires themselves then the heating current which is 
supposed to heat CD will be partially shunted through AB and cause 
the resistance of AB to increase. This fact was verified several times 
during the course of the work when an attempt was made to experiment 
with a light negative cell whose resistance was very low. The electrical 
characteristics of the cells used are shown in Table 1. 


TABLE I 
Electrical characteristics of the cells used 

Cell Dark resistance Light resistance Sensitivity 

A 13 ,870 ohms 6,950 ohms 49.9 percent 
B 11,280 4,870 56.9 

Cc 2,230 1,520 31.8 

D 1,787 ,000 1,787 ,000 00.0 

E 3,140 2,280 27.4 

F 13,210 7,140 45.8 

G 8 , 260 3,190 61.4 
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EXPERIMENTAL RESULTS 


In the case of cell C, with a 25 watt lamp at L and a heating current 
of 600 milli-amperes through CD, the results shown in Fig. 4 were ob- 
tained. 

Curve 1 shows the rate the resistance increased when the cell was 
exposed to the light, while curve 2 shows the same when the cell was in 
the dark. Curve 3 shows the effect of the heat energy in the light rays 


4 






CHANGE IW RESISTANCE 
n w > w on 


curRvE 3 











700 600 B00 


TIME IN SECONDS 


Fig. 4. Results for cell C. Curves 2 and 4 show change of resistance with time due 
to thermal conduction alone, curve 4 for illuminated cell, curve 2 for dark cell. 


from L upon the resistance AB. By subtracting the ordinates of curve 3 
from the corresponding ordinates of curve 1 the ordinates of curve 4 
were obtained. Curve 4 when compared with curve 2 shows the effect 
of the light on the thermal conductivity of the selenium. 

Fig. 5 shows the corrected curves for the data obtained when cell A 
was tested. Similar results were obtained for the other light positive 
cells tested. 

It appears from the above examples that light does affect the thermal 
conductivity of selenium. This effect, while possibly not as great as it is 
in the case of the electrical conductivity, is of appreciable magnitude. 
The following two factors should cause the thermal effect to be less than 
the electrical. First, since the electrical conduction is entirely electronic 
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any change in the number of free electrons would affect the electrical 
conduction directly, while thermal conduction in selenium is probably 
partly molecular and partly electronic; hence, when the number of free 
electrons is changed only one of these factors is affected. The freeing of a 
given number of electrons would then affect the electrical conductivity 
to a greater extent than it would the thermal conductivity. Second, the 
transfer of electricity is a much more rapid process than the transfer of 
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Fig. 5. Change of resistance of cell A with time, due to thermal conduction alone, in 
, the dark (curve 5) and when illuminated (curve 6). 

heat and since the effect of light on selenium is a surface effect to a large 

extent, a gradual lowering of the electrical and thermal resistance of the 

surface of the cell would result in more rapid change inthe flow of elec- 

tricity than in the flow of heat. 


THE EFFECT OF AN ELECTRIC FIELD 


It has been suggested by Sieg!! that perhaps the reason why illumina- 
tion affected the electrical conductivity of selenium and did not, as far 
as his experiments showed, affect the thermal conductivity, could be 
explained in the following manner. When the variations in the electrical 
conductivity were being measured the selenium was necessarily in an 
electric field and the electrons being rendered unstable in the atom by 
the action of light were then drawn from the atom by the action of the 
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electric field. On the other hand, when the effect of illumination on the 
thermal conductivity was studied the selenium was not in an electric 
field and, consequently, even though the electrons became unstable in 
the atoms, due to the action of the light, they would not necessarily leave 
the atom and thus become effective in the conduction of heat. Now by 
the present method the selenium was always in the electric field produced 
by the combined action of E,; and E3. 

To test this hypothesis further it was decided to determine the variation 
in the thermal conductivity when the cell was illuminated and in an addi- 
tional electric field. The electric field applied was the field used when the 
variation in the electrical conductivity was determined, it being merely 
necessary to have switch S, in Fig. 2 closed while the observations on the 
thermal conductivity were taken. Typical sets of observations are shown 
in Table IT. 


TABLE II 








Change in res. Time elapsed after starting heating current 
of AB Field zero Field direct Field reversed 





In the dark .001 ohm 36 sec. 39 sec. 38 sec. 
.002 80 74 76 
.003 135 131 134 


Illuminated .001 21 21 20 





-002 49 48 45 
.003 78 77 70 








These observations indicate that a variation in the electric field pro- 
duced no appreciable effect on the thermal conductivity of the selenium 
either when the cell was in the dark or when it was illuminated. A small 
heating current of only 100 milli-amperes was used so that ample time 
would be available for detecting any possible change in the thermal con- 
ductivity. Since it is evident that the light itself did have an appreciable 
effect on the thermal conductivity, the phenomenon described in this 
paper seems to be due to the action of the light alone and not to the action 
of the electric field. 


THE EFFECT OF VARIOUS COLORED LIGHTS 


It was thought that perhaps the effect on the thermal conductivity 
might vary with the color of the light with which the selenium was illu- 
minated. To test this hypothesis light was transmitted through various 
glass filters which were obtained from the Corning Glass Works, and the. 
effects observed. The current through the lamp was first adjusted so that 
the transmitted beam in each case was of a given heating intensity, by 
allowing the light to fall on a thermopile which was in series with the 
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galvanometer described above. The wave-length transmission curves for 
the different glasses used are given in Bulletin No. 148, Bureau of Stand- 
ards Publication, issued March 19, 1920. No attempt was made to study 
the variation with color exhaustively but only to determine the general 
trend. The observations on two cells are given in Tables III and IV. 


TABLE III 


Effect of various colored lights of equal heating intensity on cell A 








Time elapsed in seconds after heating current started _ 

e - 

Dark Blue Red Red Orange Yellow Purple purple 
G24 G24B G34 G34B G55A G586A 





278 = = 255 











TABLE IV 
Effect of various colored lights of equal heating intensity on cell C 








Change Time elapsea in seconds after heating current started 

in res. Red- 
of AB Dark Blue Red Red Orange Yellow Purple Purple 
(ohm) G585 G24 G24B G34 G34B GS55A G586A 


.001 18 13 10 ay ‘es 11 15 
-002 31 24 oe re et 26 
-003 45 38 30 ‘ies ain ee : 35 
-004 59 51 42 52 45 
-005 76 65 54 68 ate 
-006 96 80 68 83 69 
-007 125 102 86 100 ii 
-008 163 124 103 122 100 
.009 203 aig 123 143 113 
-010 263 170 144 165 132 
-O11 sa 210 168 192 3 148 
-012 wee 248 195 225 173 
-013 si 288 232 260 201 
.014 we ae 272 292 225 229 
-015 =e ee 328 262 345 264 267 
.016 an sa oe oa ey 314 281 315 














These observations indicate that the effect of light on the thermal 
conductivity of selenium is dependent both upon the color of the light 
and upon the characteristics of the selenium cell used. All cells seem to 
be affected more by red light than by blue light, but some cells are affected 
more than others by light which lies toward the middle of the visible 
spectrum. Almost all cells for which published data are available show a 
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maximum electrical sensitivity in the red end of the spectrum and some 
also show another maximum toward the blue end; however, this second 
maximum is usually much less than the former. The present observations 
show that the thermal sensitivity is also a maximum in the red end of the 
spectrum. 


EFFECT ON A CELL THAT IS NOT LIGHT-SENSITIVE ELECTRICALLY 


In order to test qualitatively the relation between the thermal sensi- 
tivity and the electrical sensitivity of selenium, a cell D was built in a 
manner similar to that used for all of the others excepting that the 
annealing process was omitted and hence the cell on testing proved to be 
non-sensitive electrically to light radiations. The cell was tested in the 
same manner as all of the other cells. Observations were taken for various 
heating currents through CD. No change in thermal conductivity was 
observed. Hence, annealing the selenium renders it not only light sensi- 
tive electrically but also light sensitive thermally. This is additional 
evidence that the two phenomena depend, at least to some extent, upon 
the same factors. 


DISCUSSION 


Either theory, the one suggested by Brown? or the one suggested by 


Pfund,* may account for the change in thermal conductivity of the selen- 
ium when illuminated. It seems, however, that the theory suggested by 
Brown is the more plausible. If, as Pfund suggests, the atoms of the 
selenium become unstable under the action of light and then some of 
them explode, thus liberating electrons, it seems that there should be 
more explosions under the action of an electric field than in the absence 
of such a field. This conclusion was not borne out in the present work. 
Brown, in his hypothesis, does not suggest anything that would lead one 
to suppose that the presence of an electric field would affect the rate of 
change of the different forms of selenium. 

In conclusion, I wish to thank Dr. A. L. Foley, who suggested this 
problem, and other members of the faculty of the Department of Physics 
for valuable suggestions and encouragement during the various phases 
of the experiment. 


PHYSICAL LABORATORY, 
INDIANA UNIVERSITY, 
July 20, 1925. 
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THERMO-ELECTRIC EFFECT IN SINGLE 
CRYSTAL ZINC WIRES 


By Ernest G. LINDER 


ABSTRACT 


The crystals were prepared by the Czochralski method, drawing each in the 
form of a wire through a 2 mm hole in a mica disk which floated on the surface 
of the zinc, kept just a few degrees above its melting point. After slight 
amalgamation, the crystals split readily along the basal plane, normal to the 
vertical axis. The angle between this axis and the axis of the wire is the 
orientation @ of the crystal. Each end of a crystal was sealed with cadmium 
into a copper block, one of which was kept at 0° C, the other at a temperature 
T, varied up to 290°C. The ratio of thermo-e.m.f. E to T is found not to be 
a linear function of T but to increase with T more rapidly. The curves for the 
higher values of @ lie above those for lower values, so that with a circuit of 
differently oriented crystals the e.m.f. is directed, at the hot junction, from the 
crystal of higher to that of lower orientation. For wires with @=14° and 
6=86.5°, the e.m.f. with T=250° would be 6.50X10~ volt. The neutral 
temperature (dE/dT=0) decreases from about 500° for 6=14° to 40° for 
6 =86.5°. 


HE production of single crystal metal specimens and the determina- 


tion of various physical constants in different directions in such crys- 
tals have recently claimed the attention of numerous investigators.! Very 
little work has been done, however, on the thermo-electric effects in 
metal crystals. It was the purpose of this investigation to study the 
thermal e.m.f. in single crystal zinc wires as dependent on the orientation 
of the space lattice relative to the axis of the wire. 

The crystals were made by a method devised by Czochralski? whereby 
metallic crystals in the form of wires are drawn from a melt through a 
hole in a mica disk floating upon its surface. The zinc was kept just a few 
degrees above the melting point. The mica disk was large enough to cover 
the entire surface and thus prevent oxidation. The hole in the disk was 
about 2 mm in diameter and served to make the crystal surface more 
uniform. The velocity of drawing out the crystal varied between 6 and 
10 mm/sec. depending upon the temperature of the melt and other 


1 Zeits. f. Instrumentenkunde 3, 152 (1925); 
Gruneisen and Goens, Zeits. f. Phys. 29, 141 (1924); 26, 235 (1924); 
Bridgman, Proc. Nat. Acad. Sci. 10, 411 (1924); 
M. Polanyi, Zeits. f. Elektrochem. 28, 16 (1922); 
E. v. Gomperz, Zeits. f. Phys. 8, 184 (1922); 
M. Polanyi and Schmidt, Zeits. f. Phys. 12, 58 (1922). 
? Czochralski, Zeits. f. Phys. Chem. 92, 219 (1918). 
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factors. It was found that by starting crystals on a copper wire and 
drawing them out at an excessive rate, crystals of a varying orientation 
could be formed. (The orientation of a crystal is defined as the angle 
between the vertical (hexagonal) axis of the zinc and the direction of the 
length of the wire.) At the beginning of this rapid 
growth the orientation was approximately 90° and 
as the growth progressed it decreased, reaching 
about 45° when the wire was 25 cm long. By cutting 
off this crystal at the point having the desired orien- 
tation and starting a new crystal upon it, a crystal 
wire having any orientation between 45° and 90° 
could be obtained. To obtain orientations below 
45°, a crystal having approximately 45° orientation 
was bent near the end so that its basal plane was 
inclined at the desired angle with the surface of the 
melt. Merck “‘very pure’ zinc was used and no 
trouble due to impurities was encountered. 

It was discovered that by slightly amalgamating 
the crystals with mercury they became brittle and 
could easily be split along the basal plane with a 
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sharp knife. The normal to this basal plane is the , \Y 
vertical axis, and the orientation could then be \N SQ 


SN 
easily determined by measuring the angle of in- _ Fig. 1. | Apparatus 


clination of this axis with respect to the axis of the p rm pny eed 
wire by means of a reflected light beam. 

The thermo-electric e.m.f., which was measured against copper, was 
determined by connecting the couple in series with a high resistance 
galvanometer calibrated for voltage. The crystal Z, Fig. 1, was enclosed 
in a glass tube for protection, and the two ends sealed with cadmium 
into cylindrical cavities in copper blocks. One of these blocks, L, con- 
tained the cold junction and was immersed in melting ice; the other, U, 
contained the hot junction and was heated by means of a heating coil 
wrapped around it; its temperature was measured by a mercury-in-glass 
thermometer 7, inserted in a cavity in the block. 

Fig. 2 shows the series of curves obtained for crystals of different orien- 
tations. The e.m.f. is considered positive when it acts from the hot to 
the cold junction through the zinc. It will be noticed that, within the 
observed temperature range, for a circuit composed of two crystals of 
different orientations the current would flow across the hot junction 
from the crystal having the lower orientation to that having the higher. 
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If these curves could be represented in the usual manner by an equation 
of the form 
E=AT+BT’, (1) 
then E/T =A +BT and a straight line should be obtained by plotting E/T 
against the temperature difference 7. The curves in Fig. 3, however, 
are not straight lines as this simple theory demands. Therefore, the 
thermo-electric power dE/dT is not a linear function of T. 
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Fig. 2. E.m.f. vs temperature curves for different orientations. 

The nature of the relationship between the curves of Fig. 2 can prob- 
ably best be shown by plotting the neutral temperature against the orien- 
tation. The neutral temperature is defined as that temperature at which 
the thermo-electric power is zero. If we plot these values against the 
corresponding orientations we obtain the curve shown in Fig. 4. In the 
case of the curve for the 14° orientation, this neutral temperature was 
calculated by assuming the curve to be of the type represented by Eq. (1). 
This, of course, gives only a very rough value. No attempt will be made 
here to present a theoretical interpretation of these results, this being 
only a preliminary account of experimental work which is not yet com- 


pleted. 
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Fig. 3. E/T vs temperature curves for different orientations. 
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In conclusion, the writer wishes to acknowledge his indebtedness to 
Dr. E.,P. T. Tyndall, who suggested the problem, and whose assistance 
and guidance have been most valuable. 


PHYSICAL LABORATORY, 
UNIVERSITY OF Iowa, 
July, 1925 
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A TREATMENT OF RADIATION-PRESSURE 
AND GAS-PRESSURE AS DUE TO 
INTER-MOLECULAR FORCES 


By Joun Q. STEWART 


ABSTRACT 


(1) Eddington’s summation of gas-pressure and radiation-pressure. The 
average repulsive force between two gas molecules associated with the emission 
of radiation by the one and its absorption by the other is calculated. Substitu- 
tion of this value in the virial of Clausius justifies Eddington’s proposition (in 
his theory of stellar constitution) that the total pressure is the sum of the gas- 
pressure and the radiation-pressure. (2) The Boyle-Gay Lussac Law as a 
consequence of repulsive forces between molecules is exhibited by an analogous 
treatment of gas-pressure, which ascribes it to similar inter-molecular forces. 
(Of course the hypothesis that such forces exist is merely a statistical fiction.) 


[. THE CONTRIBUTION OF RADIATION-PRESSURE TO TOTAL PRESSURE, 
CALCULATED FROM THE VIRIAL 


N Eddington’s well-known theory of stellar constitution,' the total 

pressure (in the equations for gravitational equilibrium of a gas at 
high temperature) is taken as the sum of the gas-pressure and the radia- 
tion-pressure. While this proposition has appeared so plausible as to 
escape questioning, the following proof, employing the virial of Clausius 
(of the kinetic theory of gases), is of interest. 

When there is a repulsive force, ¢(r), between every two molecules of a 
gas, which is a function only of the distance r between them, the total 
pressure p is given, according to the theorem of Clausius,’? by 


po=3 omV24+4> Dror) . (1) 


Here v is the volume of the gas considered, m the mass and V the speed 
of any molecule. The summations are taken over all of the molecules in 
the volume ». 

Let p, represent gas-pressure, and p, the radiation-pressure. For a 
perfect gas, 


41> mV2=pv. (2) 
The assumption (justified in the sequel) may be made that (2) holds also 


1 A. S. Eddington, Monthly Notices of R. A. S.; Astrophysical J. 48, 205 (1918). 
2 J. H. Jeans, The Dynamical Theory of Gases, 2nd ed., 1916, pp. 141-143. 
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when radiation-pressure is appreciable. Hence, Eddington’s proposition, 


that 
p=botbr, (3) 


> Yore(r) =p. . (4) 


Accordingly, the next step in the proof is the evaluation of the ¢(r) 
appropriate for radiation-pressure in a gas at high temperature. (As the 
study is a statistical one, the divergence between the quantum and classi- 
cal viewpoints does not enter into the problem.) Let BdQ represent the 
quantity of radiant energy of all frequencies traveling in unit time across 
unit area within the gas, in the directions included within an elementary 
cone of solid angle dQ (with its vertex lying in the given area and its 
axis at right angles to it). If K is the coefficient of opacity, the quantity 
of energy taken up (‘“‘absorbed”’) in unit time by unit volume of the gas is 
4rKB (supposing B independent of direction). Assuming radiative 
equilibrium, this is the same as the quantity emitted (including that 
scattered). 

If there are m molecules in unit volume, the quantity of radiant energy 
emitted (in all directions) in unit time per molecule is 


will be confirmed if 


Ey=4rKB/n . (S) 


This energy, owing to diversion (“absorption’’) by neighboring molecules 
as it flows outward, will at a distance r have been reduced to E, say; and 
the usual exponential formula for the reduction by opacity gives 


E=Ege™, . (6) 


where ¢ is the base of natural logarithms. 

Thus, at distance r from a given molecule, the quantity of radiant 
energy flowing outward, in the directions included within an elementary 
cone of solid angle dQ (with its vertex at the molecule) is EdQ/4m per 
unit time. From the spherical shell of radii r and (r+dr) this cone inter- 
sects the volume r*dQdr, which contains nr*dQdr molecules. In unit time 
these take up, from the radiant energy flowing out from the central 
molecule, the quantity of energy KEdrdQ/4r. 

Thus, each of the molecules at distance r diverts in unit time radiant 
energy emitted from the central molecule amounting to KE/4rnr*. This 
energy is associated with outward momentum KE/4zcnr’ c.g.s. units, 
where c is the speed of light. ) 

Accordingly, making the substitutions indicated in (6) and (5), the 
(statistical) force of repulsion correlated with radiation pressure between 
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two molecules at distance r is 


K? 
o(r) = (2) 


nr? 





e Kr, (7) 


For a given molecule—referring to (1)—, supposing the dimensions of 
the volume v rather large in comparison with 1/K, 


© 4nK*B (= 4nrB 
>>r¢(r) = f 4rur*o(r)dr = f re-Krdy = ———_., (8) 
0 0 


cn 





Furthermore, 


Lh > re(r) =nv)>.1o(r)=4Bo/c . (9) 


The radiation-pressure, on the other hand, is given by 


m/2 
pr= (arB/c) f sin’6 cos 6 d8@=42B/3c . (10) 
0 


A comparison of (9) and (10) confirms (4), and hence (3). 
If the absolute temperature is 7, Stefan’s law gives for the radiant 
energy in unit volume, 
4nB/c=aT*, (11) 
where a is a universal constant. 


II. AN EXPLANATION OF GAS-PRESSURE AS DUE TO REPULSIVE FORCES 
BETWEEN MOLECULES 


According to the kinetic theory, gas-pressure is due to the motion of 
molecules. This conclusion, of course, has been established beyond all 
doubt; but the treatment of radiation-pressure just given suggests an 
alternative treatment of gas-pressure which substitutes for molecular 
collisions a statistical (but fictitious) force of repulsion between mole- 
cules, analogous to that described in (7) above. 

It is readily shown from (1) that the Boyle-Gay Lussac law—namely 


Po = nRT, (12) 
where R is the gas-constant per molecule—will be satisfied if the molec- 


ular velocities are all zero and there is a force of repulsion between every 
two molecules at distance r, given by 


3nRT\ k? 
¢(r) -( ) em, (13) 
Tr 








4 n*y? 
where k is independent of r. 
It has been stated® that it is impossible to explain gas-pressure as due 


3 J. H. Jeans, loc. cit.?, pp. 143, 144. 
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to inter-molecular repulsive forces; doubtless such statements do not 
contemplate the inclusion of m, the number of molecules in unit volume, in 
the formula for ¢(r). ; 

Further inquiry into the analogy between (13) and (7) suggests that k 
should be interpreted as the reciprocal of the molecular free path. In an 
approximate treatment, the molecules may be supposed each to have the 
same speed C, and the same kinetic energy }mC?=$RT. Thus the mo- 
mentum of each molecule is 


mC =3RT/C . (14) 


Writing & for the reciprocal of the mean free path, other molecules make 
with a given molecule RC collisions in unit time, each of which diverts 
momentum 3R7/C. Of these collisions, the fraction ke“dr are with 
molecules which have traveled a distance between r and (r+dr) 
since their last previous collisions. But, in the spherical shell of radii r, 
(r+dr), surrounding the given molecule there are in all 4anr*dr mole- 
cules. Hence, on the average, each of these contributes (through colli- 
sions with the given molecule) in unit time, the momentum, 


3nRT\ k? 
o(r) = ( ) er. 


4r nr? 


Thus (13) is justified as a statistical representation of the result given 
by kinetic theory. 


PRINCETON UNIVERSITY OBSERVATORY, 
July 23, 1925 





SCATTERING OF LIGHT IN MIXTURES OF GASES 


ON THE SCATTERING OF LIGHT IN MIXTURES OF AIR 
AND CARBON DIOXIDE 


By DurGADAS BANERJI 


ABSTRACT 

A beam of sunlight was focussed in a tube containing the mixture, and the 
intensity of the transversely scattered light was determined by comparison with 
a piece of blotting paper illuminated by diffuse light from the same beam, of 
which the intensity was varied by means of an iris diaphram. The intensity 
varies linearly with the percentage of CO». By using a nicol, the ratio of the 
intensities of the components polarized in horizontal and vertical planes was 
found to vary in accord with the theory of scattering by mixtures of aniso- 
tropic molecules as developed by Raman. 


1. INTENSITY OF SCATTERING IN GASEOUS MIXTURES 


R a quantitative measurement of the transverse scattering of a 
mixture of gases two points must be particularly attended to: 
(1) The constituents must be thoroughly mixed before measurements 
of intensity are made and (2) the standard used in the visual photo- 





























Fig. 1. Visual photometric arrangement for measuring intensity of scattered light. 


metry should be such that it varies proportionately with any altera- 
tions in the intensity of the illuminating beam passing through the 
mixture. The following experimental arrangement was therefore 
adopted (Fig. I). 

Sunlight reflected from a mirror and concentrated by the 18 cm 
objective of an astronomical telescope was allowed to pass through the 
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circular apertures a and a’, 3 cm in diameter, bored in a cubical wooden 
box, and was focused by a lens L at the center of the cross tube con- 
taining the mixture under examination. The beam of light was partially 
reflected to one side from a glass plate G’ held diagonally inside the 
box, and after transmission through a blue glass plate B was allowed 
to fall on a ground glass screen G. The light from the ground glass passed 
through the adjustable aperture of an iris diaphram A (the diameter 
being variable from 1/16” to 1”) and fell on a diffusing screen D, made 
of white blotting paper held at an angle of 45°. The diffused light from 
this screen, after passing through a fine vertical slit V, fell directly on a 
slip of white blotting paper held vertically and turned so as to reflect 
the light passing through the slit in the direction CC’ of the observer’s 
eye. The whole apparatus was blackened inside so as to avoid errors 
due to stray illumination. 

The cross tube employed to hold the mixture of gases was made of 
zinc sheet, with arms at right angles and each about 20 cm long, the 
ends being closed with clear glass windows, cemented on except the end 
opposite to that through which observations are made. To this was 
cemented a black bottle from which the bottom had been cut and to 
the mouth of which was cemented a black glass plate at an angle of 45°, 
thus securing an absolute blackness of the back ground against which 
the tracks are viewed. The inside of the cross tube is also blackened, 
and circular stops placed at intervals to cut off all stray illumination. 

The scattered light from the center of the cross tube CCC’C’, can be 
seen inside a dark chamber as a horizontal blue patch, and the portion 
of the comparison photometer ADV being fixed on the inside wall of 
the chamber, the comparison standard can be seen as a blue colored 
slit of comparable intensity, but with a slight parallax between the two. 
The position of the observer’s eye being at a definite distance, the two 
have the appearance of a T lying on its side, of which one part can be 
varied to obtain equality of brightness by adjusting the aperture of the 
iris diaphram. Preliminary tests showed that the brightness of the 
variable standard was proportionate to the area of the aperature. The 
range of adjustment was sufficient to match the comparatively feeble 
scattering of air on the one side, and the stronger scattering due to carbon 
dioxide on the other. 

To fill the cross tube with the sample to be examined, the tube was 
at first exhausted of air by means of an auxiliary pump, and carbon 
dioxide from the cylinder and air, made dust-free by passing through 
a sufficient layer of cotton wool, were admitted, one after the other, 
through the side tube so as to make up the desired mixture. The pro- 
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portion of carbon-dioxide and air could be regulated by indications of 
a manometer fitted to the exhaust circuit, and the sample, being 
thoroughly mixed by standing a sufficient length of time (generally 
an hour), could be submitted to chemical analysis by tapping out a 
portion in a 50 cc burette with a stopcock kept inverted over mercury 
and suitably connected to a branch of the exhaust circuit. The volu- 
metric proportion in the sample was estimated quite accurately by 
absorption of carbon dioxide by a solution of caustic potash. The 
thoroughness of mixing was proved by the agreement of the indica- 
tions of the manometer with the volumetric analysis. 

The observed values of the intensity of the transversely scattered light 
are plotted against the percentage volume of carbon dioxide in Fig. 2. 
It will be noticed that the variation of intensity of the transversely 
scattered light with composition is linear. 
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Fig. 2. Intensity of transversed scattered light as a function of percentage of CO). 


2. STUDY OF THE IMPERFECTION OF POLARIZATION 
OF THE SCATTERING 


In order to make quantitative measurements of the imperfection 
of polarization a double image prism and a nicol rotating at the center 
of a graduated circle were used. The double image prism placed in 
front of the observation end of the cross tube, was adjusted to give 
two images of the aperture illuminated by scattered light, polarized 
respectively in vertical and horizontal planes. As the nicol was rotated 
behind the prism, two positions could be found for which the images 
were of equal brightness. If 20 be the angle between the two positions 
of the nicol, the ratio of intensities of the two components is given by 
tan*@. The observations were made inside the dark chamber, the nicol 
being fitted to its wall. 

The values of 100p, where p is the ratio of the intensity of the vertical 
to the horizontal component of the polarized scattered light, have been 
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plotted against the percentage volume of carbon-dioxide in the mixture, 
in Fig. 3. It will be observed that the ratio increases rapidly at first 
and afterwards more slowly with the gradual increase of the amount 
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Fig. 3. Ratio (100) of horizontal to vertical components of polarization. 


of carbon dioxide in the mixture. The fact has received a satisfactory 
theoretical explanation as indicated in the next section. 


COMPARISON WITH THEORY 


The theory of light-scattering in gaseous mixtures with anisotropic 
molecules may be approached from two different points of view which 
give identical results so long as the density of the mixture is not so 
great as to cause any appreciable deviation from the perfect gas laws. 
The first method is, following Rayleigh, to regard the individual 
molecules through which the primary waves of light pass as independent 
scattering centers and consider their effects as additive. The second 
method is to follow the general theory for fluid mixtures with aniso- 
tropic molecules as developed by Raman and Ramanathan.' In this 
theory, three distinct effects are considered, namely, the scattering of 
light due to local fluctuations (1) of density and (2) of composition of 
the mixture, and (3) the scattering due to anisotropy of the molecules 
and their varying orientation. The sum of the density and composition 
scatterings in a mixture obeying the gas laws, is given by 2:Ai+m2A_2 


1 Raman and Ramanathan, Phil. Mag. (Jan. 1923) p. 213. 
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where A, and Az are characteristic of each kind of molecule and are 
proportional to the square of their refractivities, and m, and mz are the 
number of each kind in unit volume. 

The orientation scattering consists in the main of the unpolarized light 
to which each molecule contributes. The effect is the same in both the 
horizontal and vertical directions of vibration, in each case being equal 
to 2B\n,+2Bene where B, and B; are characteristic of each kind of mole- 
cule. In addition to this, we have also a small polarized part of the orien- 
tation scattering which appears only in the vertical component, and is 
1/13th part of the whole. Thus in a mixture of gases the total intensity 
of transversely scattered light is given by 

[= (13/3)2,B,+ (13/3)n2Be+,A itmAs 
and the ratio of horizontal to vertical component of polarization by 
2n,B,+2n2Be 
1A,+(7/3)mBitmeAst(7/3)meBe 


Knowing the values of p and J for the cases in which the one com- 
ponent or the other is alone present, both J and p for any composition 
of the mixture can be calculated. It is seen that J varies linearly with 
the composition, whereas p appears as the quotient of two terms and 
does not therefore vary linearly. The calculated results given by the 
smooth curves, in Figs. 2 and 3, were obtained from the formula given. 
In the experiments we are really dealing with a mixture of three gases, 
namely COz, Oz and Ne, but as the proportion of Oz and Nez is not 
varied, the results indicated by theory are the same as for a binary 
mixture. 

In conclusion the author wishes to express his thanks to Prof. C. V. 
Raman for his interest in the work and for his valuable suggestions. | 


210 BOWBAZAAR STREET, 
Catcuttra, INDIA, 
May 14, 1925. 
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SIMULTANEOUS HIGH FREQUENCY AND DIRECT CURRENT 
RESISTANCES OF FINE WIRES AT VARIOUS 
TEMPERATURES 


By J. D. SrRANATHAN 


ABSTRACT 


Simultaneous measurements of high frequency (3.12 X 10° cycles) resistance 
and d.c. resistance of platinum wires 0.0513 mm in diameter were made at 
temperatures ranging from about 20° to around 750° C. Such measurements were 
made by sending both a high frequency alternating current and a direct current 
through the wire and making simultaneous and independent measurements of 
alternating current, alternating potential drop, direct current, and direct 
potential drop. These measurements were made independent through proper 
use of choke coils and blocking condensers. For wires of this size no account 
need be taken of inductive reactance to a frequency of 10° cycles. The tem- 
perature of the wire was governed by the magnitudes of the currents through 
it. Such measurements were made on wires in air, in vacuum, and in H; at 

* atmospheric pressure. In all cases the high frequency resistance agreed with 
the d.c. resistance at all temperatures within the limits of error, +1 percent. 
The absorption of Hz by the platinum affected both resistances equally at 
the frequency used. 


INTRODUCTION 


HE purpose of this work was twofold. According to theory the 
a.c. resistance for wires of the size used should be practically equal 
to the d.c. resistance, for frequencies up to the order of 10°, The numerous 
theoretical formulas, such as those of Kelvin,! Rayleigh,? and Russell,’ 
giving the ratio between high frequency resistance and d.c. resistance 
have been verified by numerous experimenters working at normal tem- 
peratures. As far as the writer knows, there have been practically no 
such measurements at high temperatures; neither have any such measure- 
ments been made simultaneously. The purpose of the work reported in 
this paper was to develop a method for making such simultaneous meas- 
urements at any temperature desired and thus check theory with experi- 
ment. 
A second purpose, to which the work of this paper is incidental, is to 
determine whether the absorption of gases by metals affects the high 
frequency resistance and the d.c. resistance equally. There has been some 


1 Lord Kelvin, Math. and Phys. Papers, 3, 491 (1890). 
* Lord Rayleigh, Phil. Mag. 21, 381 (1886). 
3A. Russell, Phil. Mag. 17, 524 (1909). 
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evidence‘ that the effects are not equal in the case of copper wires. Before 
a reliable study could be made of these effects it was necessary to develop 
some such method of simultaneous resistance measurements as herein 
outlined. Having now developed the method, it is the writer’s intention 
to proceed to a thorough investigation of the relative effects of absorbed 
gases on the high frequency resistance and the d.c. resistance of various 
metals. Some data presented in this paper show that the absorption of 
H: by platinum affects both resistances equally at the frequency used. 


METHOD AND APPARATUS 


The general method followed in getting simultaneous measurements of 
high frequency resistance and d.c. resistance was to send both high fre- 
quency alternating current and direct current through the test wire and 
make simultaneous and independent measurements of alternating cur- 
rent, alternating potential drop, direct current, and direct potential drop. 
The test wires chosen were of such size (platinum, 0.0513 mm in diam- 
eter) that theoretically (1) the high frequency resistance should be equal 
to the d.c. resistance, and (2) the inductive reactance at any frequency 
below 10° should be negligible as compared to the resistance. The negligi- 
ble inductive reactance means that the impedance of the test wire, which 
can be calculated directly from the alternating current and the alternat- 
ing potential drop, is practically equal to the a.c. resistance. 

Fig. 1 shows the arrangement of apparatus. Currents, both alternating 
and direct, were sent through the test wire W by means of leads a and b. 
Potential drops, both alternating and direct, were measured across points 
c and d. Direct current was furnished by the storage battery B and 
measured by a Siemens-Halske ammeter Jaz... None of this direct current 
could be shunted around the test wire by the oscillator circuit because of 
the iuf blocking condenser C2; none could be shunted through the 
electrometer V,. because of uf blocking condensers C. The direct poten- 
tial drop was measured by a high resistance (3334 ohms per volt) Siemens- 
Halske voltmeter Va.. The resistance of choke coils L was negligible as 
compared with the voltmeter resistance; hence, the voltmeter gave the 
true potential across points c,d. Under some conditions, however, the 
voltmeter did draw an appreciable part of the indicated current Ja. The 
true current through the test wire was obtained by subtracting from J4, the 
calculated current shunted by the voltmeter. Alternating current of the 
frequency desired was furnished by a vacuum tube oscillator to points e,f. 
The alternating current was measured by a Weston thermocouple am- 
meter J,-. No direct current could pass through this meter because of the 


4 Austin Bailey, Phys. Rev. 20, 154 (1922). 
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if condenser C,; the direct current was shunted around the meter by Zi. 
No appreciable high frequency current could be shunted around the 
ammeter J,- by the battery circuit or by the shunt ZL; because of the 
sufficiently high inductance of choke coils Lz and L;. Likewise, no appre- 
ciable high frequency current could be shunted around the test wire by 
the d.c. voltmeter because of similar choke coils L; neither could any be 
shunted through the high impedance electrometer circuit. The indicated 
high frequency current J,. was then the current through the test wire. 
The alternating potential drop was measured by a Dolazalek electrom- 
eter V,., used idiostatically. The 3uf condensers C kept direct potential 
from this electrometer, while a } megohm resistance R shunted across 
the electrometer vanes kept the reading free from fixed induced charges. 


f 


























Fig. 1. Diagram of arrangement of apparatus. 


Thus the electrometer indicated only the alternating potential drop, and 
this independently of the direct potential across the wire. Because the 
impedance of condensers C was negligible as compared to the impedance 
of the electrometer with its shunt R, the electrometer indication gave 
the true potential drop across points c,d. 

Care was exercised in the relative placing of the parts of the apparatus. 
Anyone familiar with high frequency measurements appreciates the 
necessity of this. The test wire was kept as far as practical from other 
parts of the circuit in order to reduce its distributed capacity. Should 
there be a large distributed capacity between it and other parts of the 
circuit the high frequency current would not be uniform throughout 
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the length of the wire, and the thermo-ammeter would not indicate the 
true current through the wire. Such capacity currents were very small 
in this test, as shown by placing the thermo-ammeter first at one end of 
the test wire and then at the other; with oscillator conditions the same, 
no difference in indicated current could be 
observed. wgeaye & 
: ° 4% Tank 
In order to study the resistance of the test wire 
in a vacuum and in the presence of gases other 
than air, the wire was mounted as shown in Fig. 2. 
Electrical connections were made by means of 
wires run through rubber corks placed in the ends 
of a large glass tube. Through one cork was a 
glass tube for connection to the pumping system; 
through the other cork was a similar tube for 
connection either to a gauge or to an He tank. 
Mercury seals were placed around the corks at 
both the upper and the lower ends of the glass 
container. Small pieces of glass tubing were 
slipped over the potential leads and far enough 
into the corks to prevent electrical connection of N 6 
leads a and ¢ (and 0 and d) through the mercury. iia 
These glass tubes were filled with mercury for 
sealing. 









































“~ 70 Pump 


Fig.2. Mounting of test wire 


EXPERIMENTAL DATA AND RESULTS 


In taking data, small currents were first sent through the test wire and 
readings of the various instruments recorded. With only small currents, 
the temperature of the test wire was not far different from that of the 
room. The currents through the wire were then increased gradually, 
readings being taken at frequent intervals, until the test wire was at a 
red heat. Sometimes the high frequency current was left small and the 
heating was done mainly by the direct current, while at other times the 
direct current was left small and the heating was done mainly by the 
alternating current. Results were the same in either case. Table I shows 
a complete set of such data taken for a platinum wire in air; results 
calculated therefrom are also shown. 

The symbols heading the columns are for the most part self-explana- 
tory. J's is the actual direct current through the test wire, equal to Ja 
minus the current shunted by the d.c. voltmeter. J’,. is the alternating 
current through the test wire, equal to J,. except for a calibration correc- 
tion. V’,, is the net deflection of the electrometer and V,, the corre- 
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sponding alternating potential drop as taken from the calibration curve 
of Fig. 3. Ra. and R,,. are the d.c. and a.c. resistances, respectively; the 
last column gives the percent difference in these two resistances. 


TABLE I 


Data for platinum wire in air at atmospheric pressure 
Pt wire No. 1, 0.0513 mm in diam., 78.9 cm long; frequency, 3.12 x 10°. 


v. Rac Rac—Ree 


4.96 , —1.0% 
5.40 A —1.1 
6.10 : — .4 
7.22 P —1.9 
9.24 . —. 
10.57 ; 
11.87 

12.25 

12.78 . 

13.06 102. 
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nin > in Oils nto de la” 


I "de Vac R de I "ac 


-0773 3.12 40.4 .1217 
- 1466 6.44 43.9 1217 
.203 9.95 49.0 .1241 
.292 16.8 57.5 . 1232 
.380 28.1 74.0 . 1246 
431 37.3 86.5 . 1233 
-466 44.4 95.3* .1250 
.480 47.2 98.3 .1250 
.490 49.9 101.8 .1261 
491 50.4 102.6 .1276 
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* Test wire dull red. This symbol has the same meaning in following tables, also. 


The electrometer was calibrated three times. Points for the various 
calibrations are indicated on the curve. These calibrations were made 
at 60 cycles with the condensers C omitted. Omission of these condensers 
is permissible since the potential drop across them at the frequency used 
in the test proper is negligible. 
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Fig. 3. Calibration of Electrometer. 


Table II shows the results on the same platinum wire as previously 
used, when studied in vacuum at a pressure of the order of 0.05 mm Hg; 
the frequency was 3.12 10° as before. 

It will be noticed that the lowest resistance measured in vacuum is 
considerably higher than that in air. This is due to the higher temperature 
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produced by the small heating currents when in vacuum; the cooling due 
to convection currents in air is now absent. 

One set of data was taken at a considerably higher frequency, 6.34 x 10° 
cycles, on this same platinum wire in air. The results showed equally 
good agreement. 


TABLE II 


Data for platinum wire No. 1 in vacuum. 








Rac Dif. Rae Rae 


60.4 
74.7 
91.7 
103.8 
109 .3 
118.9 
119.9 





S 
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48.9 48. 
69.2 69. 
91.1 7. 
102.6 102 
116.8* 116 
120.0 119 
60.2 59. 
120.0 119 
71.3 71 
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Data taken with a second platinum wire of the same diameter, both in 
vacuum (0.01 mm Hg) and in air, showed similar results. 

A third platinum wire of the same diameter was next studied in an He 
atmosphere. (Breakage prevented such a study on the first and second 
wires.) The glass tube container was exhausted with a mercury vapor 
pump for several hours, and the test wire repeatedly glowed red, such 
glowings sometimes lasting as much as 15 or 20 minutes. While the wire 
was being glowed in vacuum, electrolytically prepared Hz was let into 
the glass tube containing the test wire. The wire was repeatedly glowed 
in this, the He pumped out, and a fresh supply let in. Data were then 
taken while the wire was surrounded by He at atmospheric pressure, 
using a frequency of 3.1210° as before. Table III shows the results. 


TABLE III 
Data for Pt wire No. 3, in H2 
Diff. 


or 
. /0 


39. 


| 
tN 
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The high frequency resistance seems to run consistently a little higher 
than the d.c. resistance, but a real difference is doubtful. If the absorp- 
tion of He does affect the high frequency resistance and the d.c. resistance 
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differently, then the difference is certainly very small at the frequency 
used. No data with this wire in air were secured because of breakage. 

A fourth platinum wire of the same diameter as those previously used 
was then studied, both in air at atmospheric pressure and in He. Its 
treatment with H); was similar to that outlined for the third wire. Table 
IV shows the results at a frequency of 3.1210°. The test wire broke 
before getting red during the test in He. 


TABLE IV 
Data for Pt wire No. 4, both in air and in hydrogen. 











In air In hydrogen 

Rade Rac Diff. dc ac Diff. 

38.4 38.8 —1.0% 5o.2 35.6 —1.1% 

41.8 42.0 — .5 35.8 36.4 —1.7 

52.8 52.8 .0 46.1 46.1 .0 

76.0 75.4 8 52.5 52.9 — .8 

3.3 94.4 9 62.1 62.6 — .8 
72.0 72.6 — .8 
79.5 79.5 .0 











Sufficient data have here been presented to prove the reliability and 
accuracy of the method. The accuracy is better than what should be 
expected in high frequency measurements. The application of the method 
to a thorough study of the effects of absorbed gases is now but a question 
of time. 

SUMMARY 


A new method has been developed for making simultaneous measure- 
ments of high frequency resistance and d.c. resistance of small wires at 
any temperature desired up to that at which the test wire will not support 
its own weight. The method is applicable up to any frequency limit for 
which the inductive reactance of the test wire is negligible as compared 
to the resistance; it is even applicable to higher frequencies provided 
proper account is taken of the reactance of the wire. The accuracy at 
these higher frequencies, however, is not so good. 

The high frequency resistance (at 3.12 10° cycles) of small platinum 
wires was found to be equal to the d.c. resistance at all temperatures, 
whether in air, in vacuum, or in an atmosphere of He. 


BLAKE LABORATORY, 
UNIVERSITY OF KANSAS. 
June 15, 1925 
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THE RELATION BETWEEN THE LOUDNESS OF A SOUND 
AND ITS PHYSICAL STIMULUS 


By J. C. STEINBERG 


ABSTRACT 


Experiments with many types of sounds have shown that the loudness of a 
sound is a function of its energy frequency spectrum and its level above the 
threshold of hearing and that if this relationship be represented as follows: 


i=k r2 ; 
L= logis [ me wero” | 
iol 


sounds whose calculated values L are equal will appear equally loud to the 
average normal ear. P; is the r.m.s. pressure of the ith component of the sound 
wave. The weight and root factors W and r, respectively, are functions of the 
sensation level, which is synonymous with the term loudness as formerly used 
and is defined as follows: 


k k 
S=10 oew| 22 / > Pee | 
1 1 


where Po is the r.m.s. pressure of the ith component when the complex sound 
is at the threshold of hearing. In case the components in a narrow band of 
frequencies An are not resolved their energy must be integrated to obtain the 
energy of the equivalent single component. The root factor r is inversely 
proportional to the ratio of the minimum perceptible increase in energy to the 
total energy. For intensities near the threshold, the weight factors are equal 
to the reciprocals of the minimum audible pressures. Curves are given showing 
the values of W for various frequencies at various sensation levels, also the 
values of r as a function of S. As the intensity is increased the weight factors 
give greater weight to the lower frequencies; hence, even though the amplitude 
of the sound wave be increased without distortion, the ear will perceive both an 
increase and a distortion. This effect is due to the non-linearity of the ear. 


INTRODUCTION 


T has been customary to regard sensation as being proportional to 

the logarithm of the stimulus. In the case of sound the stimulus is 
usually regarded as the amplitude of the pressure wave and the sensation 
refers to the loudness of the sound. Now, any relation between loudness 
and stimulus must be such that equal stimuli will appear equally loud 
to the average normal ear. . Various experiments upon the loudness of 
sounds have shown that the simple relation stated above will not fulfill 
this condition, but that it is necessary to take a function of the amplitude 
as the stimulus. 

The purpose of this paper is to formulate tentatively such a function 
and to determine the various factors that enter into the expression 
from the experimental data that is now available. Most of these data 
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were taken for other purposes so that in some cases it will appear that the 
factors could have been obtained from more direct experiments. However, 
until such data are obtained it is worth while to make the most of the 
existing data. 

Loudness is defined on an arbitrary scale such that sounds having the 
same numerical value on this scale are judged to be equally loud by the 
average normal ear. It is found to depend on both the sensation level 
and the pressure spectrum. By sensation level is meant the number of 
units that the amplitude of any sound wave must be reduced in order to 
reach the threshold, which in the past has been variously referred to as 
loudness level, volume, or intensity, and is defined as follows: 


S=20 logio( P/ Po) (1) 


where P is the pressure of the sound wave and Pp the minimum audible 
pressure for an average normal ear, both being expressed as root mean 
square values. The sensation level of any sound is then the number 
of TU that the amplitude must be reduced to reach the threshold of 
audibility.! The ear will accommodate about 100 TU. Ordinary conversa- 
sation is usually carried on at sensation levels between 60 and 80 TU. 

It was found convenient in defining loudness to fix the numerical 
value of the scale so that the calculated loudness of a 700 cycle tone is 
approximately equal to its sensation level when the level is greater than 
60 TU which covers the range of practical levels. The equality does not 
hold at the lower levels and could not be made to do so without greatly 
complicating the method. As stated above, the loudness depends in 
general not only upon the sensation level but also upon the frequency, if 
it is a pure tone, or upon the pressure spectrum if it is complex. 

The pressure spectrum that is dealt with here is that which would be 
produced in the ear canal if the walls and drum were rigid.” 

In a former paper’ data were given on the loss in the resultant loudness 
of a complex sound when the energy waS removed from a particular 
frequency range of the sound. This loss was measured by observing the 
fractional amount of the initial energy that was required to make it 
sound equally loud to the remaining portion of the initial spectrum. 
Hence, loudness in the former use is equivalent to the present sensation 


1 See transmission unit and telephone transmission reference system by W. H. Martin, 
Bell. Tech. Jour. 3,400 (July, 1924) and A. 1. E. E. Jour. 43, 504 (June, 1924). 

? Inasmuch as it is difficult to determine the spectrum that actually exists in the 
immediate neighborhood of the ear drum, it seemed much more desirable to deal with 
the above spectrum. It will be seen from the manner in which the equation has been 
formulated that this procedure is legitimate. 

3H. Fletcher and J. C. Steinberg, Phys Rev. 24, 306 (Sept., 1924). 
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level and should be distinguished from loudness as defined above. An 
empirical method was developed for calculating these fractional losses 
for several types of complex sounds. It is evident that these losses do not 
give a true indication of the amount by which the loudness (as used here) 
has been decreased, because the relation between the energy of the initial 
spectrum and its loudness was not known. Although the method that 
was developed has an important application to problems in telephone 
engineering, it was desirable to deal with loudness in the more general 
way. As will be seen later, the earlier formula is a special case of the more 
general relation. 


FORMULATION OF THE LOUDNESS FUNCTION 


The type of function that is necessary in order to represent the relation 
between the loudness of a sound, the amplitude of the sound wave and 
the sensation level, was suggested by various experimental data. The 
formulation of this function will be made on the basis of general con- 
clusions drawn from a study of these data. It is necessary to distinguish 
between sounds having ‘discrete frequency components” and those 
having the so-called “‘continuous energy frequency spectrum.” The state- 
ments that follow apply to a sound of the first type whose components 
are separated by an interval of 60 or more cycles. Modifications appro- 
priate to the other types of spectrums will be discussed in a later para- 
graph. 

The experiments in the paper referred to above indicated that within 
the error of making the measurements the contribution of each frequency 
region to the resultant loudness could be obtained by summing a root of the 
weighted energy in each frequency region. The weight factors depended 
upon the frequency of the region in question and upon the sensation 
level of the sound. The root depended only upon the sensation level. 
Hence, a summation of the type 


i=k 


LD (WsPs)?!" (2) 
t=1 
is used in adding together the contributions of the individual com- 
ponents.‘ 

It has been found from observations on the loudness of complex sounds 
near threshold that when the component pressures have values less than 
the values required for them to be audible when heard alone, they do not 
contribute to the loudness. Rather than take care of this discontinuity 


‘ The weight factor in Eq. (2) is not the same as the weight factor that was used in 
the former paper. Their relation will be given later on. 
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by means of the weight factors it is more convenient to extend the summa- 
tion of Eq. (2) only over those components whose pressures are greater than 
their respective minimum audible pressures when heard alone. 

There is much evidence which indicates that the mechanical members 
transmitting the pressure wave from the ear drum to the cochlea fail to 
obey Hooke’s law when the pressures are sufficiently great. Several 
attempts, based upon various assumptions, have been made to represent 
this state of affairs mathematically. Owing to uncertainties concerning 
these assumptions and also to lack of information as to the mechanical 
constants of the ear, the equations that have been obtained have little 
value in themselves and they will not be discussed here. They have, how- 
ever, a common characteristic in that they all indicate that the degree 
in P of a functional relationship between loudness and pressure depends 
upon the intensity, and that the ratio of the degree at low intensities to 
that at high intensities is 3. Now, it was observed experimentally that 
the ratio of the values of r corresponding to approximately these same 
intensities was also 3. Hence, in order to satisfy this requirement as to 
the degree of the pressure, the following expression will be used 


i=k r 
[= wire] ; (3) 
t=1 

If we regard this as the physical stimulus, then in accordance with Fech- 
ner’s law 


i=k r2 
L=K logig [= ape" | ° (4) 


t=1 


\ 


where L is the loudness, K is a constant which we are at liberty to choose, 
W; is a weight factor which depends upon the frequency and the sensa- 
tion level of the sound, P; is the root mean square pressure of the ith 
component of the acoustic wave, r is a root factor that depends only 
upon the sensation level of the sound. The summation extends only over 
those components having pressures greater than their individual mini- 
mum audible pressures. 

From the definition of sensation level it follows that P;?= 10°9P,2 so 
that Eq. (4) may be written in the following form 


i=k r 
L=K logy 10s] WePa)*"| (5) 


t=1 


where now P9; is the r.m.s. pressure of the 7th component when the com- 
plex sound is just audible and S is the sensation level of the sound in TU. 
This then is the equation sought which gives the relation between 
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loudness, the sensation level and the pressure spectrum. It remains now 
to determine the functional curves which give the value of W and r for 
various frequencies and sensation levels. 


DETERMINATION OF THE WEIGHT AND Root FAcTorsS 
When there is only one component. Eq. (4) becomes 
L =K log W?"E" (6) 


where P?=E. If we assume that W and 7 are sensibly constant for small 
changes in E, { 

6L=kr logioe . (6E/E) . (7) 
If r were a constant, Eq. (7) would be the Weber-Fechner law relating 
sensation with stimulus. It is known, however, from the filter experiments 


VALUES FOR ROOT AT VARIOUS 


SENSATION LEVELS 





0 20 40 60 80 100 


SENSATION LEVEL 
Fig. 1 


that r is a function of S and that its upper limit (that is when. S=100) 
is 3. The filter experiments do not determine r uniquely at the lower levels 
although they indicate that r decreases as S decreases and becomes equal 
to 1 at sensation levels of about 10 TU. Knudsen® found that the mini- 
mum perceptible values of 6E/E depended upon S. If 6L, the least per- 
ceptible increment of loudness, is a constant, Eq. (7) predicts that the 
values of E/E for the above levels would stand approximately in the 
ratio of 3. Knudsen’s results show that this is the case. Hence, two 
independent sets of experimental data are brought into accord by the equa- 
tion. Taking the upper limit of r equal to 3 the relation between S and r 
as shown on Fig. 1 was obtained from the experimental values of E/E 
and Eq. (7). When the sensation level is less than 10 TU it is difficult to 
determine the value of r from these data. Other data indicate, however, 


* V.O. Knudsen, Phys. Rev. 21, 84 (Jan. 1923). 
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that at these levels the response of the ear is substantially linear and that 
the individual components contribute in proportion to their energy so 
that r would have the value of unity. 

It is desirable to have the loudness L as expressed by Eq. (6) equal to 
zero when the pressure P equals the minimum audible pressure. This can 
be done by taking W=1/P > for S=0, where Po is the minimum audible 
pressure for the tone. The set of weight factors for S=0 which are shown 
on Fig. 2 were obtained in this manner from the sensitivity of normal ears 
at threshold.® 


LOG,,W 


3 


25 


60 
WEIGHT FACTORS FOR DIFFERENT “ 
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When the sound is complex the condition to be satisfied at threshold is 
that 


Y(w.P)?= 1. (8) 


This condition is satisfied by the above set of weight factors, for as S 
approaches 0, terms drop out of the summation until at S=0 there is only 
one term left. This term has the minimum audible value of a pure tone 
of like frequency, hence, the summation is equal to unity at threshold. 
If the components are less than 60 cycles apart or the spectrum is con- 
tinuous, a difficulty arises because the ear does not resolve the com- 
ponents. Thus the complex sound may be audible when the components 
are separately inaudible. Let P,? be a function such that the ™P,2dn 
is proportional to the energy contained .in the range m, to m). In order 


* H. Fletcher and R. L. Wegel, Phys. Rev. 19, 553 (June, 1922); 
R. L. Wegel, Bell Tech. Jour. 1, 56 (Nov. 1922). 
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that the equation developed above be applicable to this type of sound, 
the energy in a narrow band of frequencies must be considered as equiva- 
lent to a single component in contributing to the total loudness. Thus, 
(n+an/2) 
P?= P,2dn (9) 
(n—An/2) 
where P; isa component of frequency 2 which is equivalent to the integral 
in contributing to loudness. If we substitute Eq. (9) in Eq. (2) and regard 


W, and P, as practically constant for a small change An, the following 
relation can be obtained: 


° k n (An 1/r 
> (WP,)?!"= f “ W.?!"P,2!"dn . (10) 
n 
0 





1 


The band width Am is a fundamental property of the ear, and is no doubt 
different for the different frequency ranges of a given spectrum. When 
such a sound is at threshold this width is obviously determined by the 
following equation, 
(ntAn/2) 
P,?dn= P,? (11 


(n—An/2) 


where P,? is the minimum audible pressure of a tone of frequency m. The 
frequency is determined by the last frequency region to become audible 
as the sound is reduced to threshold. If we assume that the effective band 
width is the same for the different frequency regions, Eq. (5) becomes 
for the case of the continuous spectrum, 


10 (An)*/ 
L= >" log 





- 10 si ff W2!*Pon?!*dn (12) 
” 0 
where Po, is the value taken by P, when the complex sound is at thresh- 
old. The limits of integration extend only over the band widths whose 
equivalent single tones have intensities greater than their individual 
minimum audible intensities. Hence, the integral of Eq. (12) satisfies the 
condition expressed by Eq. (8) for the same reasons as obtained for the 
summation. 

It will be noticed in Fig. 1 that the value of r becomes constant when 
the sensation level is greater than 87 TU. This enabled the direct deter- 
mination of the weight factors for levels greater than 87 TU from the 
observed fractional losses for speech at a level of 100 TU. When a part 
of the frequency range is removed by means of a high or a low-pass filter, 
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Eq. (12) remains unchanged except that the limits of integration include 
only the transmitted frequency range. If the sensation level of the original 
sound be decreased by an amount 4a, in order that it be as loud as the 
filtered sound, the following equation is obtained: 


(An)! CO 
K r? log ——-— 10(S—a)/10r Wr?! Pon?!"dn= 


An 
0 


(An)!/r Cc 
K r*? log——— * 105/1r W?!"Pon?!"dn . (13) 
An ¥ 


where C is the cut-off frequency of a low-pass filter. Now the value of ” 
in the left-hand member of Eq. (13) corresponds to the sensation level 
(S—a), whereas the value in the right-hand member corresponds to the 
sensation level S. It was observed that a was never greater than 15 TU 
so that for these experiments the value of r is the same at the two levels. 
Hence, Eq. (13) can be written in the form 


Cc 
10-2/30 — | f Wa2!*Pon| / [ f We2Poidn| (14) 
0 0 


P>,*dn is proportional to the energy in the frequency range (m+dn) to 
(n—dn) of undistorted speech. Measurements of this quantity have been 
made by Crandall and Mackenzie.’ 

In the earlier paper, the following empirical relation was obtained from 


the data on speech :* 
Cc 
10~a/30 -f G(n)dn (15) 


0 


and the function G(n) was determined. 
Equating Eqs. (14) and (15) we can write 


W,2/8 = [ G(n) fo W,2/8 Pode J Pon?!? (16) 
0 


The integral in the numerator is independent of the frequency. Hence, 
the relative values of the weight factors for a level of 100 TU could be 
determined. Their absolute values were fixed by taking the value of W,, 
for a frequency of 700 cycles equal to its value at the sensation level of 
zero, for reasons that will appear later. The weight factors that were 
determined in this manner are shown in.Fig. 2. 


7]. B. Crandall and D. Mackenzie, Phys. Rev. 19, 221, (Mch. 1922). 
* Loc. cit.? (see Eq. 9. G(n) =W°). 
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This set of factors together with the set obtained at the level of S=0 
give the limits between which the weight factors vary as the sensation 
level changes. The sets appropriate between these limits could not be 
determined in any such direct manner because r could not be taken as 
sensibly constant. They were determined by methods of successive 
approximation from the filter data on test tone and are shown in Fig. 2. 

The arbitrary constant K was chosen so that the loudness of a 700-cycle 
tone would be approximately equal to its sensation level for most of the 
practical range. The weight factors for a tone of this frequency are con- 
stant and equal to the reciprocal of the minimum audible pressure. Hence, 
its loudness reduces to the foliowing simple equation 


Lio = KSr/10 ° (17) 


Now r is equal to 3 for most of the important sensation range so that if 
K is equal to 10/3, the values of Lyo9 and S will be numerically equal for 
this range. By giving K this value it is possible to determine the loudness 
of the sound by noting the sensation level of the 700-cycle when it is as 
loud as the sound in question. 


THE CALCULATION OF LOUDNESS 


The final form of the loudness equation is as follows: 


i=k 
L=(10/3)r? log >. (W<P,)?/" (18) 
t=1 
where W and r are defined by the curves shown in Figs. 1 and 2. 

As stated in the beginning, in order to compute the loudness of the 
sound, it is necessary to know the pressure spectrum and. the sensation 
level. It is clear from the manner in which the equation has been formu- 
lated that the pressure spectrum could be measured in any arbitrary way 
provided the measuring system is a linear one and the corresponding 
sets of weight factors determined on the basis of such measurements. 
Once the weight factors have been determined, it is then necessary to 
make all subsequent measurements in the same way. The pressure spec- 
trum that has been used in obtaining the present set of weight factors 
was adopted because it enabled the direct use of measurements upon the 
sensitivity of normal ears,® and because it is not difficult to calibrate an 
electrical system so as to obtain such a spectrum. 

The sensation level is most conveniently measured by means of a 
resistance network attenuator® that is calibrated to read the attenuation 
in transmission units. In this way the sensation level is measured directly. 


* H. Fletcher and R. L. Wegel, Phys. Rev. 19, 553 (June, 1922). 
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When the tone has sustained frequency components, its sensation level 
is equal to the maximum value of the sensation levels of the components. 
Hence, it is possible to calculate the sensation level of such tones from 
their pressure spectrums. 

It is not feasible to make a direct determination of the loudness of a 
sound by simply listening to it. Although loudness can be determined 
directly by using a 700-cycle tone as a comparison tone when the loudness 
is greater than 70 units, extensive measurements of this kind have not 
been made. The equation finds its greatest usefulness in enabling us to 
calculate how much the sensation level of one sound must be changed in 
order that it be equally loud to some other sound. In this way the equa- 
tion has been checked indirectly by experiments upon a wide variety of 
complex sounds. The calculated and observed results will be given for a 
few representative cases. . 
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A case of interest is the loss caused by removing a portion of the fre- 
quency range from a complex sound. The loss was measured by reducing 
the sensation level of the original sound until it was as loud as the filtered 
sound. In order to calculate this loss, the loudness L of the initial sound 
at various values of the sensation level was computed from Eq. (17). 
Thus, a curve giving L in terms of S was obtained for the initial sound. 
The loudness L’ was then computed for the filtered sound. The amount 
a by which the initial sound must be attenuated in order that L=L’ 
was obtained graphically from the L vs S curve. 

Figs. 3 to 5 give the results for a tone having sustained frequency 
components which is designated as ‘‘test tone.” The pressure spectrum 
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was obtained from a Fourier analysis of the voltage impressed upon a 
calibrated receiver. From the pressure spectrum the loudness was com- 
puted at various sensation levels (Fig. 4). When the level of the initial 
tone is 70 TU its loudness is 97 units. When all the frequencies below 
1000 cycles were eliminated, the computed loudness was 83 units. It will 
be seen from Fig. 4 that the sensation level must be reduced 9 TU below 


R.M.S. PRESSURE FOR CONTINUOUS 
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70 in order that the loudness of the initial tone be equal to 83. The curves 
in Fig. 5 were calculated in this way for various high and low-pass filters 
and at various levels of the initial tone. The points were obtained by 
experiment. 
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Figs. 6 to 8 give similar results for average speech. The speech was 
picked up and transmitted to the ear by a system having approximately 
a uniform response so that the spectrum at the ear was essentially the 
same as that at the transmitter diaphram. Neither of the formulas 
developed above are directly applicable to the calculation of the loudness 
of average speech. The summation method is applicable to the vowel 
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sounds when their spectra are known. It would, however, be too laborious 
to calculate the loudness of all the vowel sounds in order to obtain the 
loudness of average speech. It has been found convenient to treat average 
speech as a continuous flow of energy and use the formula for calculating 
the loudness of such spectra. The interval An was determined from the 
average fundamental of the male voice to be 128 cycles. The relative 
energy distribution of speech was obtained from the measurements that 
were made by Crandall and Mackenzie. The spectrum in Fig. 6 was 
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obtained from the relative distribution by-means of Eq. (11), where An 
has the above value and Py is the minimum audible pressure for an 800- 
cycle tone. The loudness of speech is determined largely by the sustained 
portion of the vowel sounds so that although speech is represented as a 
continuous flow of energy it is necessary to take the interval as equal to 
the fundamental of a voice when we deal with loudness. The loudness of 
average speech calculated in this way agrees well with measured values 
of its loudness and also with the calculated loudness of sustained vowel 
sounds. 
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The calculated loss curves for both speech and test tone are pretty 
largely independent of the numerical values that are calculated for their 
loudnesses. They depend upon the changes in loudness as the sensation 
levels of the initial sounds are changed. The agreement between experi- 
mental and computed values gives an idea of the reliability of the equa- 
tion. The observational error varies from +1 TU to about +3 TU, 
depending upon the quality differences of the sounds being compared. 
In any case, it is necessary to use seven or eight observers in order to get 
a reproducible average and in the case of speech, it is also necessary to 
use several callers. The equation agrees as well with similar data on other 
complex sounds, which are not shown here. 
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Another case of interest is the loss caused by introducing known 
amounts of distortion into an otherwise distortionless system. As in the 
previous case, this loss was measured by attenuating the undistorted 
sound until it was as loud as the distorted sound. Results are given for the 
two types of distortion shown in Fig. 9, for the case of speech. These 
curves give the number of TU that the pressure at any frequency of 
undistorted speech had been decreased. Hence, the pressure spectrum for 
the distorted sound could be calculated from that shown in Fig. 6. The 
loudness of the distorted sound was then computed and the loss obtained 
graphically from Fig. 7. The curves shown in Fig. 10 were calculated in 
this way for various sensation levels of the initial speech. 


DISCUSSION 


In the case of single frequency tones, Eq. (17) reduces to the following 
form: 


L;= (10/3)log 10S+/19(W Poy)?" . (19) 
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Fig. 11 shows the loudness of several tones as calculated with the above 
equation. It will be seen that the calculated loudness is not in agreement 
with the commonly accepted idea that single frequency tones are equally 
loud when they are an equal number of TU above threshold. The equa- 
tion predicts that the lower frequency tones increase in loudness much 
more rapidly than do the high frequency tones when their amplitudes 
are changed in equal ratios. Some preliminary experiments with single 
frequency tones have indicated that this is the case. Measurements are 
now under way for determining how the loudness of single frequency tones 
depends upon their sensation levels. 

The reason that the calculated loudnesses of all tones do not increase 
at the same rate when their amplitudes are increased in equal ratios is due 
to the weight factors which are functions of both frequency and ampli- 
tude. It cannot be regarded as certain that the method of determining 
the weight factors from the data on complex sounds is unique. Hence, it 
is desirable to redetermine the weight factors directly from measurements 
on single frequency tones. 

It will be recalled that the root factor r which is inversely proportional 
to the minimum perceptible increment of intensity ratio was taken as 
independent of frequency. Although it appears from the measurements 
of Knudsen that this is not strictly the case, it can be regarded as so with- 
out appreciable error. If r were to be made a function of frequency, the 
equation would be so complicated as to make it practically useless. 

It appears that the loudness equation formulated here is consistent 
with the phenomena of one tone masking another.'® The overall aspect 
of the masking phenomena is that a tone of given frequency masks a 
tone whose frequency is a given number of cycles above it much more 
than it does a tone the same number of cycles below it. This amounts to 
saying that by virtue of a 700-cycle tone being audible, the sensitivity 
of the ear to 1000 cycles is less relative to 400 cycles than it was when 
the 700-cycle tone was inaudible. Now it is natural to regard the weight- 
ing factor curves as indicative of the sensitivity of the ear from a loudness 
standpoint for different states of agitation of the ear. The state of agita- 
tion may be produced by either a single frequency or a complex tone. If 
we regard a 700-cycle tone as an agitating tone and change the state of 
agitation from 0 to 70 TU, the weight factor curves show that the sensi- 
tivity has been changed in the same direction as indicated by the masking 
experiments. It is to be noted, however, that the observed values of 


0 R. L. Wegel and C. E. Lane, Phys. Rev. 23, 266 (Feb. 1924); 
H.Fletcher, Jour. Frank. Inst. 194, 289 (Sept. 1923). 
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masking are the resultants of two effects, the change in ear sensitivity 
and the true sensation masking, that is, the inability to distinguish 
between sensations that are essentially the same. 


BELL TELEPHONE LABORATORIES, INC., 
New York City, 
July 17, 1925 
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Light. (Second Edition). H.M. Reese.—The first edition of this book appeared 
in 1921. This revised edition follows the same general plan. The chapter dealing with 
atomic theory has been changed and extended and thus brought more closely into touch 
with the latest advances in that field. 

The letters on many of the diagrams are small and indistinct thus making it difficult 
to locate them. For the inexperienced student it is confusing to change the convention 
in respect to sign as one passes from refraction to lenses. In a book of this grade it would 
be desirable to include a brief discussion of thick lenses. Many would prefer to use the 
projection of uniform circular motion on a diameter as an illustration rather than as a 
definition of simple harmonic motion. 

On the whole the book is admirably suited to the purpose for which it was written. 
The fundamental principles are presented in a clear and simple fashion without being 
encumbered by a mass of details. The treatment of diffraction and interference is 
especially good. As an introduction to more advanced and detailed study the student 
should find the book very attractive reading, and the teacher who is interested in a 
simple and direct presentation of the subject will find in it many helpful suggestions.— 
Pp. xi+297. Missouri Book Co., Columbia, Mo., 1924. R. C. GIBBs 


Alternating Currents and Transients. F. M. CoLeBroox.—In the first part of the 
book the author develops what is usually termed the “complex algebra” or ‘“‘symbolic’”’ 
method of treating alternating current problems; in the second part the method is 
illustrated by practical applications. The author brings into harmony the nomenclature 
of pure vector analysis and of the rotating-vector method in alternating current theory. 
The author considers that the interpretation of the symbol j as the imaginary quantity 
+/—1 is neither necessary nor desirable and that the introduction of the terms “imagin- 
ary” or “complex” is a hindrance. The symbol j is initially defined as an operator 
that rotates a vector through 90° in a certain direction. On the basis of this simple defin- 
ition, the author builds up the whole structure of the rotating vector method.—Pp. 
x+195. Price $3.00. McGraw-Hill Book Company, 1925. FREDERICK BEDELL 





